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TECHNOLOGY 


AIR COMPRESSORS 


OMPRESSED air is a useful and 
safe source of energy. It can be 
used to provide power in places such 
as chemical works and mines where 
sparks from machines driven directly 
by electricity or by an internal com- 
bustion engine could easily start a 
fire. Compressed air has the added 
advantage that it can be stored so that 
a compressed air tool can be ready for 
use ata moment’s notice—there is no 
delay while it is being started up. 
The energy needed to compress the 
air may be supplied by an electric 
motor or by a petrol or Diesel engine, 
but if necessary the compressor can be 
situated in a ‘“‘safe’”? area at some dis- 
tance from the point at which the 
compressed air tool is being used. In 
factories where considerable use is 
made of compressed air, it is normal 
to have one or more compressors in a 
central power house, rather than to 
have separate units in the various 
workshops. 
As a result of compressing ordinary 
atmospheric air to a pressure of 100 lb. 


Two-stage Reciprocating Pumps some- 
times have two separate pistons working 
from a common crankshaft (left), or a single 
piston may compress the air in both cylinders 
(right). F.A., free air intake; L.P., low- 
pressure air ; L.P.C., low-pressure cylinder ; 
H.P., high-pressure air; H.P.C., high- 
pressure cylinder; C., intercooler; R., 
recewer. 


per sq. in. its temperature is increased 
by more than 200° Centigrade. Some 
of this heat may be transferred from 
the air to the body of the compressor, 
and there is a risk of failure, due to the 
pump becoming overheated and jam- 
ming because of expansion. In some 
models. oil is used for cooling in 
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This portable compressor unit, 
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which is powered by a Diesel engine, incorporates a two-stage rotary vane pump. 


addition to its normal function of 
lubrication and for sealing the small 
gaps between the moving parts. In 
some of the larger compressors the air 
is compressed by stages and a cooling 
unit, referred to as an intercooler, is 
located in the air line between each 
stage. The volume of the air in the 


FREE AIR INTAKE 


HIGH 
PRESSURE 
ROTOR 


INTER- 
COOLER 


Two-stage Rotary Vane Pump. 
Filtered air is trapped between pairs of 
blades and as the rotor spins on tts axts the 
size of the air space is reduced thus com- 
pressing the air. 


compressor decreases as its pressure is 
increased. Because of this the sizes of 
the cylinders in the several stages of 
the compressor have to be progress- 
ively reduced. 

The two principal types of com- 
pressor are reciprocating pumps and 
rotary vane pumps. The reciprocating 
type works in a similar way to a 
bicycle pump. Air is compressed by a 
piston and foreed through a one-way 
valve. In those models which incor- 


porate more than one stage, there are 
many different arrangements of the 
pistons and cylinders. In some, 
separate pistons may be worked from 
a common crankshaft, while in others 
the cylinders may be in-line with a 
single piston serving all stages. Which- 
ever arrangement is used there will be 
intercoolers between each stage. 

Rotary vane pumps work in a 
similar but reverse way to the rotary 
vane motor which was described in 
the article on Pneumatic Tools (Issue 
No. 23, page 360). A rotor which is 
located inside the cylinder has a 
number of vanes or blades sliding into 
it. As with the rotary vane motor the 
axis of the rotor does not coincide with 
the centre of the cylinder. ‘The source 
of energy (electric motor or internal 
combustion engine) causes the rotor 
to spin on its axis, and in so doing the 
air which is trapped between adjacent 
pairs of vanes is compressed. Air for 
pneumatic tools is usually compressed 
to between four and seven times the 
normal pressure of the atmosphere. 

As there are always fine dust par- 
ticles in the air, the air must be filtered 
as it enters the compressor. In this 
way particles, which would otherwise 
scratch the various moving parts of 
the compressor, are removed. This is 
a particularly important precaution 
in the portable units which are fre- 
quently used for supplying compressed 
air to pneumatic drills. 
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| BIOLOGY | 


An Introduction 
to DISSECTION 


Te understand fully the workings and 

structure of animal systems one must 
supplement theoretical study with practical 
observations. Investigation of the overall 
structure and arrangement of the animal body 
is carried out by dissection. Fine details of 
tissue structure are obtained by special 
techniques of staining and microscopic ex- 
amination which will be explained in a later 
article. 

For dissection a number of special instru- 
ments are required. These are best made of 
stainless steel and must always be kept clean. 
Cutting instruments must be kept sharp and 
carefully stored to prevent accidents. A 
useful set of instruments for simple dissection 
is illustrated. Other instruments may be 
needed later, especially when dealing with 
small animals. 

The dogfish is a very suitable animal on 
which to learn the techniques of dissection. 
Specimens preserved in formalin (a solution 
of formaldehyde in water) are available from 
dealers in biological supplies. 

The fish should be placed ventral (under) 
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side uppermost on a flat board about 14x 2 
feet. The paired fins can then be pegged 
down to hold the fish firmly in a fixed 
position before starting work. The object 
of the exercise is to study, as fully as possible, 
all the organ systems of the animal and 
therefore the dissection must be done in 
gradual stages, following each separate 
system as far as possible. Cutting open the 
body and haphazardly rummaging around 
will serve no useful purpose. Much can be 
learned of the general anatomy without using 
any instruments. The position of the eyes, the 
mouth, the gill slits and the fins and the shape 
of the tail should be noted and related to the 
habits of the fish, Along the sides there will 
be seen a lighter coloured line—the lateral 
line which is sensitive to vibrations in the 
water. The presence of two large projections 
(claspers) between the pelvic fins indicates a 
male specimen. It is a wise plan to make a 
drawing of the animal before starting to 
dissect. All stages of the dissection must be on 
a large scale and fully labelled. Copying text 
book diagrams will not do. It is only by 


Diagram to show the external features of the dog fish. 


drawing from the original that the spatial 
arrangement will become clear. If the stages 
of the dissection are drawn within an outline 
of the body it will be easy to relate the position 
of the organs to the overall structure of the 
animal for future reference. Drawings are 
best done with ordinary lead pencil. Colour- 
ing of blood vessels and nerves can be done 
but only after checking the accuracy of the 
drawing as colour is more difficult to correct. 

In preparing to cut the skin it will be 
noticed that this is very rough. The roughness 
is due to the presence of hard scales (placoid 
scales) all over the surface. Around the mouth 
these scales are modified to form ‘teeth’ 
which are very hard and very sharp. Shark 
teeth are of this type. 

The first incision should be made in the 
mid line of the ventral surface, by making a 
small cut through the skin with the scalpel 
and then continuing with the scissors until the 
cut extends from the pectoral to the pelvic 
fins. The muscles are not cut through at this 
stage. The skin is freed, peeled back, pinned 
down to the board. The ‘zig-zag’ arrange- 
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ment of muscles can now be seen. These are 
the muscles by which the fish contracts each 
side of the body in turn and swims through 
the water. Now the muscle layer is cut 
through and turned back to expose the body 
cavity (the coelom) in which the internal 
organs are situated. The most conspicuous at 
this stage will be the white stomach and the 
large yellowish liver lobes. The gall bladder 
will be found partly hidden in the front part 
of the left lobe of the liver. The spleen is a 
dark red body attached to the stomach. The 
liver and stomach are gently put to one side 
revealing the short intestine. This contains a 
spiral valve which in effect increases its 
length and gives a greater area for absorption. 
The intestine leads via the rectum to the 
cloaca into which open the excretory and 
reproductive organs as well. When the 
alimentary organs are examined the arrange- 
ment of the blood vessels on them should be 
studied and these vessels traced to their 
origin on the main artery running down the 
body on the dorsal side. Especially important 
is the hepatic portal system which carries the 
food absorbed by the intestine, to the liver for 
storage or re-distribution. The blood system 
cannot be studied fully until the alimentary 
organs are removed. The liver is removed by 
cutting through it at the most anterior point 
(i.e. nearest the head). The gut can be 
removed completely by cutting through the 
front end of the stomach where it joins the 
oesophagus (a short tube leading from the 
mouth) and cutting through the rectum as 
far back as possible). 

Next the pectoral girdle to which the front 
limbs are attached is cut through. The dog- 
fish skeleton is made of cartilage and can be 
cut quite easily with strong scissors. Pinning 
back the body wall exposes the heart which 
lies just under the surface in a thin walled 
chamber, the pericardium. There are four 
regions of the heart. At the back there is the 
thin walled sinus venosus into which the ‘used 
blood’ flows from the body regions. The 
sinus venosus leads to a moderately muscular 


auricle and then to a very muscular ventricle 
from where the blood is forced into the conus 
arteriosus which is the beginning of the ventral 
aorta—the large artery which takes blood to 
the gills for re-oxygenation. To follow this 
route, along the ventral aorta the muscular 
tissues overlying the artery are removed on 
one side only. The other side will be required 
for investigation of the nervous system. A 
roll of paper in the mouth will aid dissection 
by stretching the lower jaw area. A short 
distance in front of the heart a branch will 
leave the ventral aorta and curve backwards 
to the fifth gill arch. The arch consists of a 
skeletal rod covered with delicate tissue 


which is thrown into small folds (gills) each 
SCALPEL BLADE FORCEPS 
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The dogfish is pinned to the board and the skin partially removed 
showing the ‘zig-zag’ muscle arrangement. 


containing minute blood vessels derived from 
the branchial artery which enters the arch. 
Channels, running from the back of the 
mouth (pharynx) to the gill slits, pass each side 
of the gill arch and movement of the pharynx 
causes water to run over the gills which ex- 
tract oxygen by absorption into the blood. 
Each of the five gills has an artery running to 
it but the two forward arteries arise as sub- 
branches from a T-junction of the ventral 
aorta. (To show the layout of arteries, much 
of the gill tissue must be removed and 
trimmed gently so that the actual vessels are 
seen passing into the gill). Just in front of the 
T-junction there is a small pinkish body—the 
thyroid gland. It is sometimes possible to inject 
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A student’s set of the most useful instruments. 
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The fish has been cut open to show the 
digestive organs. The sketch shows the 
main features which should be recorded in 
the laboratory notebook. 


turned to the heart consists not of narrow 
veins such as are found in mammals but of a 
series of wide ‘drains’ in which the blood at 
very low pressure flows back to the sinus 
venosus. The major sinuses of the body run 
on each side of the dorsal aorta and collect 
ducts from various parts of the body. The 
hepatic vein or sinus flows direct to the sinus 
venosus. More sinuses bring blood back from 
the head region and may be followed by 
working forward from the pericardium. 

The excretory organs (the kidneys) lie in 

the body cavity either side of the mid-dorsal 
SPLEEN . : 

PANCREAS line. The excretory ducts run into the cloaca 
Ger Se Liven el! ce and can be followed by using the seeker. The 
kidneys are closely associated with the repro- 
OvIDUCT ductive organs. The male organs extend for 
<<ae most of the length of the body cavity and lie 
Be just outside its lining, the peritoneum. Modified 
kidney ducts can be observed carrying the 
male cells to the posterior end where the duct 
(the Wolffian duct) expands into a storage 

chamber (the vesicula seminalis). 

The female dogfish has only one ovary—the 
right hand one. There are however two ovi- 
ducts which have their interior opening in the 
region of the pectoral girdle and through 
which the eggs in their purse-shaped cases 
x ee pass to the cloaca. As with the excretory 
RIGHTINORE an INTESTINE PL an system, the relationships of the reproductive 
OF LIVER . organs can be worked out by careful use of the 
seeker. 
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brightly coloured dyes into the heart and 
force them into the arteries in order to follow 
them more easily. 

Blood passing through the gills goes into 
another series of vessels known as the efferent 
branchial arteries. These lead across the roof of 
the pharynx and join the dorsal aorta in the 
mid line. To follow these arteries it is 
necessary to remove the lower jaw of the fish 
(still keeping to the one side). The lower jaw 
is cut through at the front and this cut con- 
tinued back along the line of the ventral 
aorta until the whole gill area can be turned 
to the side and pinned down. By carefully 
scraping away the tissue from the roof of the 
pharynx with the scalpel four vessels will be 
seen running forward and outward. These 
vessels can be traced back to the gills and it 
will be seen that the blood from the fifth arch 
joins that from the fourth arch before leaving 
the immediate gill area. For a good clear 
dissection the vessels should be separated 
completely from the surrounding tissue (the 
fine scalpel and needles will be needed here 
as well as fine forceps to hold and remove GILLS OVIDUCT EGG-CASE 
unwanted tissue). The dorsal aorta sends ever 
branches to the brain and head regions and 
at various points down the trunk it gives off 
branches to the fins, body organs and body 
muscles. 

The venous system by which blood is re- 
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Removal of the digestive organs reveals the 
excretory and reproductive organs. The 
heart and arteries leading to the gills are 
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By cutting away the lower jaw the blood 
vessels from the gills to the dorsal aorta 
are exposed. 


fish is turned dorsal side uppermost and pin- 
ned again. 

The brain of the dogfish is partially encased 
in a cartilaginous box—the cranium. Leaving 
this cranium through various holes (foramina- 
singular foramen) are ten pairs of cranial 
nerves. By carefully cutting away the tissues 
of the head and cranium the whole brain and 
nervous system of the head can be examined. 
The skin is removed from the head on the top 
and side not dissected before. Showing 
through the tissues of the snout are fine white 
threads which are the nerves supplying the 
sense organs of the snout. They are branches 
of the 5th and 7th nerves. The olfactory organ 
dealing with smell is a large white globe 
attached directly to the olfactory centre at the 
front of the brain. 

The eyeball is removed by drawing it out 
with forceps and carefully cutting round it 
with the fine scalpel, noting at the same time 
the small brown muscles at the back which 
alter the eye position as necessary. The optic 
nerve will be seen coming out from the back 
of the eye socket. The third, fourth and sixth 
cranial nerves supply the eye muscles and are 
quite small. The fifth and seventh nerves arise 
very close together just behind the middle of 
the brain. Both send branches across the top 
of the eye socket (orbit) and larger branches 
across the orbit floor. ‘These branches contain 
both sensory and motor nerves and supply 
the sense organs and muscles of the jaw 
region. A branch of the seventh nerve goes to 
the spiracle just in front of the gill slits. 
Cranial nerve eight is very small and runs 
straight to the auditory capsule which deals with 
sound reception. The ninth nerve runs to the 
first gill arch where it divides and sends a 
branch down the posterior side of the gill. 
The other branch is very small. The tenth 
nerve arises in the brain stem as a series of 
roots which fuse and then branches are sent 
off. One goes to the lateral line pressure 
sense system. The branchialis branch serves the 
remaining four gill arches while the visceralis 
nerve supplies the heart and gut organs. 
Surrounding tissues of the brain and nerves 
should be dissected entirely away so that the 
nervous tissue shows up and can be followed 
easily from root to motor or sense organs. 
When this has been done the overall structure 
of the brain will be apparent. The large 
olfactory lobes at the front fuse (join together) 
a little further back. The paired optic lobes 
arise about the middle of the brain and 
behind them is the cerebellum, sprouting mush- 
room shaped from the centre of the top side. 
The medulla oblongata is the funnel shaped 
hind portion of the brain which leads on to 
the spinal cord. The latter is enclosed within 
the cartilaginous back bone and gives off 
paired nerves throughout its length to give 
and receive impulses from the body mus- 
culature and the paired fins. 


The brain and the cranial nerves of the 
dogfish are exposed from the dorsal side. 
Nerves are numbered up to 10. 
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| ELECTRONICS 


Selecting and Detecting 
RADIO SIGNALS 


Many signals arrive 


on 


of 


FROM STATION B 


FROM STATION A 


EVERY radio aerial receives literally hundreds of radio 

broadcasts all day long. This simply means that hundreds 
of radio waves, each carrying some kind of information, it may 
be music, speech or morse code, and each having its own 
particular frequency (number of oscillations per second—in the 
case of radio waves the oscillations are electrical and magnetic 
changes) fall on the aerial whether it is wanted or not. Each 
COIL 


VOLTAGE RESPONSE 
BEYOND TUNED CT. FOR “A” 


radio wave is capable of setting up electrical ‘pressures’ (voltages) 
in the aerial, and the voltage set up varies (it is an alternating 
voltage) with the same frequency as the radio wave which 
created it. 

For the sake of clarity we will pretend that just two radio 
waves are falling on an aerial. Each is carrying different 
information (called an audio signal) which is superimposed on 
the wave as a variation in strength. If a wave is shown on an 
oscilloscope screen it is apparent that the peaks of the waves 
are not all at the same level—the outline of the peaks is itself 
a wave and corresponds to the sound wave which originally 
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Their combined 
effect 1s a jumble 
irregularly 
shaped waves. 
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fell on the microphone in the broadcasting studio. Each of the 
two radio waves has its own frequency. On the oscilloscope 
screen it is seen that the peaks are fairly widely spaced in one 
case (the wave from station B has a medium frequency) and 
closely packed together in another case (the wave from station A 
has a high frequency). But the peaks in each wave are evenly 
spaced because the frequency of the basic radio wave (the 


To eliminate all 
other signals than 
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tuned circuit is set 
to resonate at this 


frequency. 
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OUTPUT OF BOTH DIODES “SMOOTHED” TOTAL EFFECT IS 
THE AUDIO SIGNAL ON THE 


MICROPHONE AT STATION A 


SIGNAL B SELECTED tere ae 
‘carrier wave’ upon which the audio signal is superimposed) 
from each of the transmitting stations is fixed. 

These two radio waves set up two alternating voltages in 
the aerial. The two voltages, however, immediately add them- 
selves together to give a very complicated combined voltage in 
which the individual signals seem to be completely lost. 

The complicated combined voltage is passed on from the 
aerial to the tuning circuit. This circuit, consisting of a coil and a 
capacitor, will pass on the voltage to the grid of an amplifying 
valve. But it does not react in the same way to each of the two 
voltages which together make up the jumbled voltage fed to it. 
DETECTION 
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NEGATIVE } CYCLES 
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It responds far more to an alternating voltage of one particular 
frequency than to alternating voltages of either higher or lower 
frequencies. By turning the knob on the variable capacitor the 
resonant frequency (i.e. the frequency to which the circuit 
responds most) can be altered until it is exactly equal to the 
frequency of the carrier wave sent out by station A. Now the 
varying voltage produced by signals from station A is the only 
one reaching the amplifying valve that is large enough to matter. 
Consequently the valve amplifies signals from station A only. 
Having isolated the required signal it is still necessary to 
extract the information it carries. In other words the signal 
now has to be detected. Even the amplified signal coming from 
the first value cannot operate a loudspeaker. This is because the 
average valve of the signal is zero; the signal consists of alternating 
‘pulls’ and ‘pushes’ of voltage and because there are as many 
‘pulls’ as there are ‘pushes’ they cancel each other out. The 
simplest method of ‘detecting’ a signal is to remove all the 
‘pushes’ so that they cannot cancel out the ‘pulls’. The average 
value of the ‘pushes’ alone cannot be zero. A diode valve will 
cut off the bottom half of the wave very efficiently. To remayve 
the ‘pushes’ from the signal is, however, wasteful since half of 
the signal is thrown away. Instead of removing the ‘pushes’ 
altogether they are converted into ‘pulls’ by using a double diode 
valve. Now the wave emerging from the diode valve (the 
detector) consists of ‘pulls’ only, its average value is not zero; 
the average value of the voltage in just the same way that the 
radio wave from station A varies in strength with the sound 
signal superimposed on it. In other words the information 
broadcast by station A has been turned into a varying voltage. 


To select a differ- 
ent signal the tuned 
circuit is reset (the 
capacitor’s vanes 
are turned) to reson- 

ate at the new fre- 
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“SMOOTHED” TOTAL EFFECT IS 
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OUTPUT OF BOTH DIODES 


Actually the varying voltage coming from the detector is a 
replica of the varying voltage produced by the microphone in 
the studio. The best way of proving this is to connect a pair of 
headphones to the output circuit of the detector and actually 
listen to the sounds being broadcast. Further stages of amplifica- 
tion are needed before the signals are strong enough to work a 
loudspeaker. 

Supposing that the broadcast from station B is required 
instead of the broadcast from station A. Radio waves from 
station B have all the time been picked up by the aerial and 
the jumbled voltage fed to the tuning circuit is made up in part 
of the voltage produced by the wave from station B and which 
varies with the same fixed frequency as station B’s carrier wave. 

Since the radio receiver has been tuned in to station A its 
tuning circuit hardly responds at all to the voltage set up in the 
aerial by station B. To make it respond only to the voltage set 
up by station B, the tuning capacitor has to be adjusted by 
turning the movable plates in or out of the fixed plates until 
the frequency to which the circuit responds is exactly equal to 
the frequency of station B’s carrier wave. When this has been 
done signals from station B alone get through to the valve and 
are amplified. Without any further adjustment to the receiver 
the signals are then detected to give a replica of the varying voltage 
produced by the studio microphone in station B. 

Adjusting the tuning capacitor again will ‘tune out’ station B 
and bring in some other station. Thus by turning the knob on 
the tuning capacitor any one of the radio waves falling on the 
aerial can be selected. The rest of the receiver does not have to 
be adjusted. 
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| PALAEOGEOGRAPHY 


CONTINENTAL DRIFT 


EELING the solid ground beneath 

our feet, it seems impossible that 
the land masses could ever ‘drift’ 
across the face of the world. But the 
continents are not quite so rigid and 
fixed as they seem. They are like 
great ‘plates’ of granitic rock (sial) 
‘floating’ on the denser material 
beneath (sima) like ice floes in water 
(though the sima is not liquid, in fact 
it is more solid that the continents 
themselves). Continental drift em- 


The fold mountain belts of the opposing 
continents match very well. The meeting of 
the Caledonian and Hercynian fronts, fore- 
cast in Europe, is completed in North 


America. 


braces the idea that the continents 
originally crystallized in one or two 
great land masses which later broke 
up, the pieces drifting apart to their 
present positions. 

As early as 1620 it was noticed that 
the continents of Africa and Europe 
on one side of the Atlantic and the 
Americas on the other side would fit 
together like the pieces of a jigsaw if 
they were to be moved together. The 
‘nose’ of Brazil would fit snugly into 
the Gulf of Guinea, the ‘bulge’ of 
West Africa would tuck into the 
Caribbean while North America 
would, with a little juggling of the 
pieces, lie fairly comfortably along the 
coast of western Europe. 

It was only a very short step from 
noticing these complementary shapes 
to conceiving the idea that at one time 
they had been joined together. The 
first person to put forward this seem- 
ingly preposterous notion, Antonio 
Snider in 1858, used it as a means of 
explaining the similarity between 
fossils found in the Coal Measures of 
both North America and Europe. But 
lacking the backing of any scientific 
evidence it was quickly dismissed as 
a fanciful and fantastic notion. 

It is interesting that, although the 
complementary shapes of the oppos- 
ing lands of the Atlantic inspired the 
idea of continental drift in the first 
place, this is not a weighty argument 
in favour. For one thing the fit is not 
as perfect as is sometimes believed and 
for another the shape of the land 
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masses has changed considerably 
throughout geological time, so that 
the present similarity may be mere 
coincidence. Moreover, there is so 
much sial (the material of which the 
continents are made) on the floor of 
the Atlantic that if it were to be 
gathered together it would form a 
strip of land separating the continents 
by over two hundred miles. 

The idea was not brought up again 
until the beginning of the present 
century when two people, working 
quite independently, put forward 
theories of continental drift within 
two years of each other. In 1908 F. B. 
Taylor used the idea to explain the 
formation and distribution of the great 
fold mountain ranges of the present 
day. He supposed that the continents 
were originally grouped in two great 
land masses—Laurasia in the north 
and Gondwanaland in the south—and 
that these two masses spread out 
towards the equator. As Laurasia 
drifted southwards its leading edges 
were rumpled into mountain ranges 
while splitting in the rear produced 


(left) The present-day distribution of var- 
tous types of scorpions can only be explained 
satisfactorily by means of continental drift. 
(below) Mesosaurus, a_ river-dwelling 
reptile of late Carboniferous times has been 
found in both South America and South 
Africa—but nowhere else. 
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Wegener’s three maps illustrating continental drift. The latitude of the various continents is purely arbitrary. 


the complex group of islands in 
northern Canada. And as Gondwana- 
land in the south drifted northwards. 
it broke into a number of pieces, form- 
ing Antarctica, South America, 
Australia, India and Africa. Once 
again the leading edges of these 
drifting land masses were rumpled 
into mountain ranges. 

Taylor supposed the two great land 
masses to have existed in Cretaceous 
times and to have broken up since 
then. But then the formation of the 
many great mountain ranges which 
were uplifted before this time could 
not be explained. His choice of the 
cause of continental drift was un- 
fortunate too. He suggested that the 
Moon became a satellite of the Earth 
in Cretaceous times and it was then 
much nearer to the Earth than it is at 
present. The strong gravitational pull 
of the young Moon produced tidal 
forces on the Earth which dragged the 
continents away from the poles. But if 
the tidal forces had been that strong 
they would have braked the Earth to 
a standstill within a very short space 
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of time. 

In 1g10 Alfred Wegener put for- 
ward his conception of continental 
drift and amassed a considerable 
amount of evidence to back it. 
Wegener was primarily a meteorolo- 
gist and continental drift to him was, 
in the first place, a means of explain- 
ing the great climatic changes that 
have taken place in the past. A wealth 
of undeniable evidence points to the 
fact that the land masses have in the 
past experienced climates which 
would seem impossible if they were 
then in their present positions. Coal, 
for instance, which is formed from 
luxuriant, swampy, tropical forests, is 
found as far afield as North America, 
Europe, northern Asia and even icy 
Antarctica, none of which have a 
tropical climate at present. Other 
evidence of changing climates lies in 
past ice sheets. 

During late Carboniferous or early 
Permian times the southern con- 
tinents were partly covered with ice. 
Glacial deposits dating from this ice 
age have been found in South 
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America, Africa, southern Australia 
and India and generally speaking the 
ice sheets advanced from the south in 
each case. This is evidence for con- 
tinental drift, for it is impossible to 
imagine the existence of ice sheets 
which could embrace much of the 
southern continents and India at the 
same time, i.e. spread across the 
equator. The only explanation is that 
the glaciated continents were, at the 
time, grouped together to the south of 
their present positions. 

The evidence assembled _ by 
Wegener covered a wide field. He 
drew up an impressive list of similari- 
ties between the opposing lands of the 
Atlantic covering earth movements, 
geological succession and fossil flora 
and fauna. A map shows how the fold 
mountain belts of the two continents 
match extremely well (though there 
are discrepancies in the time at which 
the most intense folding took place). 
Geological evidence in fact suggests 
that the opposing lands of the Atlantic 
had a very similar geological history 
throughout the Palaeozoic and 


(left) Map showing the extent of the areas glaciated in Carbo-Permian times. Generally speaking, the ice advanced from the south. 
(right) Map showing the continents reassembled around the South Pole—the only way in which the extent of the Carbo-Permian glaciation 


can be explained. 
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BASALTIC 
LAYER 
(SIMA) 


One recent suggestion as to the cause of continental drift is a system of sub-crustal 
convection currents. This dispenses with the problem of how solid rock (the continents) 
came to be moved through solid rock (the sima). For the sima itself is carried along 
and the continents move with it. The diagrams illustrate how a system of convection 
currents could break up a great land mass such as Wegener’s Pangaea and move the pieces 
apart. Mountains form where the sial of the continents tends to be dragged down by 
converging convection currents. The heavier sima is carried down and round in a great 
whirl by the currents. It eventually rises again and solidifies, healing the gaps in the 


cutstretched crust. 


Mesozoic Eras. 

Wegener supposed that the con- 
tinental masses formed two blocks, a 
southern one equivalent to Gond- 
wanaland and a northern one equiva- 
lent to Laurasia, separated from the 
start by a wide sea (Tethys). Despite 
the division, both blocks, according to 
Wegener, formed one great unit— 
Pangaea. This existed in early Car- 
boniferous times but began to split up 
in Cretaceous times, the rift starting 
in the south and working northwards, 
so that the fracture opening up the 
Atlantic occurred as late as the 
Pleistocene Epoch (this began about 
one million years ago). 

Wegener recognized two directions 
of movement, one towards the equator 
and the other westwards, due to com- 
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plicated gravitational and tidal forces. 
The drift towards the equator was 
responsible for the creation of the 
Himalayas and Alps, which were 
squeezed between the closing jaws of 
Africa and India on one side and 
Eurasia on the other. The westwards 
drift is shown in the Andes and 
Rockies of the Americas which were 
rumpled up by the drifting. The tail 
of South America lagged behind to 
form the ‘horn’ while the West Indies 
are pieces of continental material shed 
from the rear of the drifting land mass. 

An important feature of Wegener’s 
theory was that the geographical poles 
have wandered a great deal through 
geological time (in Carboniferous 
times the South Pole is placed off the 
coast of South Africa). Thus the drift 


(left) The Carboniferous flora of Laurasia, 
well preserved in coal measures, differed 
little throughout the region. (below) The 
strange looking mammal, the manatee, 


Sound in estuaries of South America and 


North Africa, has been put forward as 
evidence of a link between these two regions 
in the past. 


towards the equator or ‘flight from the 
poles’ has changed from time to time 
according to position of the poles. In 
this way earlier mountain building is 
accounted for. 

The forces suggested by Wegener as 
responsible for continental drift, 
though real, are far too minute to drag 
solid rock through solid rock for 
thousands of miles. In fact no external 
force could do this without entirely 
disrupting the spin of the Earth. The 
continents are indeed great floating 
plates of solid rock but the material in 
which they are floating (the sima) is 
very solid too. A recent suggestion as 
to the cause of continental drift gets 
around both of these difficulties (the 
force responsible for, and the move- 
ment of, solid rock through solid 
rock) by a system of convection 
currents beneath the Earth’s crust. In 
this process the actual basaltic layer 
upon which the continents rest is 
carried along by sub-crustal convec- 
tion currents and the continents move 
with it rather than through it. Three 
sets of convection currents would be 
required to disrupt Wegener’s 
Pangaea in the desired manner. 


GEOLOGICAL TIME SCALE 
HOLOCENE BEGAN ABOUT 25 THOUSAND YEARS 
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ION YEARS AGO 
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| CHEMICAL REACTIONS 


DECOMPOSIIMION ZUNID Iss 


PI PLYAG EIMISNND IREVACINIOINS 


OST chemical reactions fall into 
one of four classes. The first 
article in this series (Issue No. 9, 
page 139) described the class known 
as combination reactions in which two 
substances combine together to form 


When white crystals of potassium 
chlorate are strongly heated, they de- 
compose; oxygen gas is given off and 
potassium chlorzde is left behind. This 
decomposition reaction is often used 
in the laboratory when small quanti- 


POTASSIUM CHLORATE ~ 


POTASSIUM CHLORIDE 


OXYGEN 


A Decomposition Reaction. When heated, potassium chlorate breaks down giving 


potassium chloride and oxygen. 


a single compound. Another simple 
type of reaction is one in which a 
compound breaks down (decomposes) 
into two or more simpler substances. 
That is called a decomposition reaction. 

There are two slightly more com- 
plicated types of reaction in which 
one ion in a compound is replaced by 
another. If an element is used directly 
as a source of the new ion, the 
chemical change is called a replacement 
reaction. However, the new ion may 
be supplied by another compound in 
a reaction known as double decomposi- 
tion. The latter class of reaction is so 
named because both compounds are 
broken up in the reaction and two 
new compounds are formed as a 
result of the exchange of ions. 
Decomposition Reactions 

In this class of reaction a compound 
is broken down into two or more 
simpler substances which may be 
elements or compounds. As it is often 
necessary to heat the substance in 
order that decomposition can take 
place, many of the chemical changes 
which come within this class are 
sometimes described as thermal de- 
composition reactions. 


ties of oxygen are required, but the 
temperature at which the reaction 
takes place can be lowered by mixing 
a small quantity of manganese dioxide 
with the potassium chlorate. The 
manganese dioxide acts as a catalyst. 


The chemical change which occurs 
when a substance such as nitroglycer- 
ine explodes is another example of a 
decomposition reaction. As has been 
shown in a previous article (Issue 
No. 10, page 155), there is so much 
oxygen in a molecule of nitroglycerine 
that when it explodes there is some 
oxygen left over after all the carbon, 
hydrogen and nitrogen atoms in the 
molecule have been oxidized. Strictly, 
explosions can only be classed as 
decomposition reactions if no oxygen 
has to be supplied from outside the 
substance itself. In contrast, oxygen 
(from the air) has to be present before 
the majority of substances are able to 
burn. 

Replacement Reactions 

Some of the more reactive elements 
will take the place of a less reactive 
element in a compound—any reaction 
in which such a change occurs comes 
within the class of replacement re- 
actions. In general a metal will be 
replaced by a metal and a non-metal 
by a non-metal. 


+ 


HYDROGEN 


ION (POS) 


POTASSIUM HYDROXIDE 


MAGNESIUM SULPHATE 


POTASSIUM ION (POS) 


MAGNESIUM ION (POS) 


NITRATE ION (NEG) 


+ @ 


HYDROXYL 
ION (NEG) 


SULPHATE ION (NEG) 


IRON COPPER 
SULPHATE 


If a piece of iron, such as the blade 
of a pocket knife, is dipped into blue 
copper sulphate solution, that part of 
the iron which is below the liquid 
surface very quickly takes on a pink 
colouration. Some of the iron on the 
surface of the article has been replaced 
by copper from the solution and the 
iron will have gone into solution. If 
the article is left in the solution for 
some time, much of the iron will be 
replaced by copper. This exchange 
will also be reflected in the colour of 
the solution. Since the copper sulphate 
has been exchanged gradually for 
ferrous (iron) sulphate, the colour of 
the solution will have changed from 
blue to pale green. 

Just as one metal will replace an- 
other in a compound, so is it possible 
for a non-metal to be displaced by 
another non-metal. If chlorine (a 
greenish yellow gas) is passed into a 
colourless solution of potassium iodide, 
the solution soon takes on a dark 
brown colouration. This is because 


SULPHIDE 


ae . 


the chlorine has displaced the iodine 
from the potassium iodide solution to 
form potassium chloride. Iodine is 
soluble in a solution of potassium 
iodide although it is almost insoluble 
in water, so that so long as some 
potassium iodide remains the iodine 
will remain in solution, and not 
separate out as blackish-grey crystals. 
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HYDROGEN 


“+ 


COPPER FERROUS 


SULPHATE 


Double Decomposition 

This class of reaction is probably 
more frequently met with than the 
others referred to above. In double 
decomposition reactions two different 
chemical compounds (which between 
them comprise four different ions) 
react in such a way that the ions 
(charged atoms or groups of atoms) 
are exchanged between molecules of 
the two compounds. In this way two 
new compounds are formed. As will 
be seen from later articles, consider- 
able use is made of double decomposi- 
tion reactions in chemical analysis. 

The formation of a salt by the re- 
action between an acid and a base is 
a very common example of double de- 
composition. In this particular type of 
reaction the hydrogen ions (positive) 
from the acid link up with the 
hydroxyl groups (negative) from the 
base to give water, while the salt 
itselfis formed from the acid (negative) 
radical of the acid and the metallic 
ion (positive) of the base. Once again 
there has been an exchange between 
the pairs of ions which made up the 
two original reactants. 

The reverse of the latter reaction, 


H.S + CdCl, = 


+ 


CADMIUM CHLORIDE 


ROCHLORIC ACID 
1UM 


namely the hydrolysis of salts (addi- 
tion of water to) of weak acids or of 
weak bases, is yet another example of 
a double decomposition reaction. So 
also are most other types of hydrolysis 
(see Issue No. 21, page 330). 

One method of preparing nitric 
acid is to heat concentrated sulphuric 
acid with potassium nitrate crystals. 
If the reaction is carried out at 
a sufficiently high temperature the 


— + 


REPLACED 
BY COPPER 


hydrogen ions from the sulphuric acid 
exchange places with the potassium 
ions of the potassium nitrate. The 
nitric acid which results is distilled 
off, leaving potassium sulphate behind 
as a solid cake. This is, therefore, 
another double decomposition _re- 
action. In practice the temperature of 
the reaction (particularly when the 
preparation is carried out in the 
laboratory) is not high enough for the 
formation of potassium sulphate. In- 
stead potassium bisulphate (KHSO,) 
is left behind. 

The reaction in which silver chro- 
mate is formed by mixing solutions of 
potassium chromate and silver nitrate 
is yet another example of the double 
decomposition type. In this reaction 
the chromate and nitrate radicals 
‘exchange partners’ to give silver 
chromate and potassium nitrate. Since 
silver chromate is not soluble in water, 
it separates out as a red precipitate (a 
fine powder). The colourless potassium 
nitrate is soluble in water, so it re- 
mains in solution. 

The latter is just one example of the 
double decomposition reaction which 


Cds + 2He) r 
cones gD 
CHLORIDE 


CADMI SULPHIDE 


can take place when solutions of two 
salts are mixed. However, the salts 
formed by the reaction between a 
strong acid and a strong base ionize 
completely in solution. Thus if the 
solutions of two such salts are mixed, 
it is doubtful if any new compound 
will actually be formed unless it is 
insoluble. Otherwise the solution will 
contain four different ions—two posi- 
tive and two negative. 


| PHYSIOLOGY | 


Feeding and Digestion in Invertebrates 


OST animals eat plants or other 
animals. They are said to be 
holozoic. Some animals are saprozoic; 
that is, they absorb food from their 


TENTACLES 


EPIDERMIS 


! Hydra : 

The gut of Hydra is simply the hollow 
cavity within the body and has only one 
se gol 3, the mouth. Food, which consists 
ro) 


ENDODERMIS 


surroundings. Examples are some 


parasites that live in the guts of other 
animals robbing them of digested 
food. Such are tapeworms, 


some 


* 


In the earthworm and more complicated 
animals the gut has two openings, the 
mouth at the front and the anus at the rear. 
The gut, generally speaking, can be divided 
into five main regions: (1) the mouth, and the 
part of the gut behind it, which is called the 
pharynx; (2) the oesophagus—part of this may 
sometimes be modified to form a storage 
chamber—the crop; (3) the stomach—this is 
where the major part of the digestive process 
starts (part of the stomach—the gizzard— 
may be muscular and used to break the food 
up and mix it thoroughly, (4) the intestine— 
where digestion is completed and the food 
is absorbed (special pouches or diverticula 
may absorb most of the digested food); 
(5) the rectum—where water is often 
absorbed in large quantities and undigested 
remains are compacted to form the faeces. 

The earthworm eats its way through the 
soil taking this in through its mouth. Plant 
material is also eaten. As it is moved back 


The Earthworm 


roundworms and some _ protozoans. 
The following descriptions are of 
holozoic animals. Parasites will be 
described in a future article. 


, 


along the alimentary canal food is extracted 
from it. Glands in its walls provide mucus to 
lubricate and moisten the food and an 
enzyme that breaks down proteins. The 
muscular pharynx swallows the soil and from 
there it passes down the oesophagus. This 
tube has three swellings (the calciferous 
glands) on each side. They pass unwanted 
calcium carbonate into the oesophagus. The 
crop beyond the oesophagus is a thin-walled 
structure which serves for storage. The food 
does not remain long there before passing 
into the gizzard, an enlarged, muscular part 
of the gut. This grinds the food up, an action 
which is aided by the presence of any small 
grit particles. The food passes from the 
gizzard into the intestine, a long tube which 
continues back to the anus. In the intestine 
enzymes are released onto the food by gland 
cells. A large fold in the roof of the intestine 
wall increases the area through which 
digested food can be absorbed. 


Thread cell that winds round small projections (I) discharged (2) un- 397 
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. discharged (3) coiled round part of prey (4) barbed type discharged 


PHARYNX 


STOMACH 


INTESTINE 


1-1! CROP POUCHES OF LEFT 
SIDE SHOWN EMPTY 


1A-lLA CROP POUCHES OF 
RIGHT SIDE SHOWN DISTENDED 
AFTER A MEAL OF BLOOD 


The Leech 


In leeches that feed on the blood of 
other animals the gut wall has a number 
of pouches in it. Blood can be stored in 
these for several months. The rest of the 
gut is relatively unspecialised. 
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~ STOMACH POUCHES 


The Grasshopper 


In insects the gut is highly specialised. In 
the grasshopper, for example, food is taken 
in through the mouth. The salivary glands 
pour a fluid onto it. The pharynx leads with 
little obvious change in structure into the 
oesophagus—a narrow tube that continues 
into a large thin-walled crop where the food 
may be stored temporarily. Ridges on the 
inside of the crop wall help to break up the 
food into small fragments. The gizzard 
beyond the crop, is muscular. It is lined with 
horny teeth and these break down the food 
even more. A valve at the hind end of the 
gizzard prevents the food from passing into 
the stomach until it has been thoroughly 
ground up. 

The gut as far back as the gizzard is lined 


with cuticle, a continuation of the exoskele- 
ton. No absorption takes place therefore 
until the partially digested food has reached 
the stomach. Here also the major part of 
digestion takes place. Digestive juices are re- 
leased from glands, lining several pouches 
that arise from the front end of the stomach. 
These pouches also aid in absorption. 

The intestine, beyond the stomach, is lined 
with cuticle. Undigested food passes along it 
and out through the anus, having received 
waste material from the ‘kidney’ tubules on 
the way. In many insects there are special 
devices for absorbing water from the un- 
digested food. Conserving water is a con- 
siderable problem amongst land-dwelling- 
animals. 


DIGESTIVE GLAND 


STOMACH 


\\ MOUTH 


INTESTINE 


Bivalve Molluscs 


Bivalve molluscs feed on small food 
particles suspended in the water or de- 
posited on the bottom. Their breathing 
organs (gills) act as sieving devices. Short 
hairs (cilia) on the gills beat to draw a water 
current in through their water tubes 
(siphons). Particles in the water are caught 
up in a moving stream of mucus on the gills 
and carried towards the mouth. From this 
the food passes down the oesophagus to a 
bag, the stomach. This is surrounded by a 
large mass, the digestive gland, which is the 


main organ of digestion. Ducts connect it 
with the stomach. Food from the stomach 
passes through them into the digestive 
gland. The cells of the gland take in the 
particles, just as Amoeba does, and break 
them down. Fats and proteins are broken 
down intracellularly. Carbohydrates are 
broken down extracellularly in the stomach 
and the sugars formed are absorbed by the 
digestive gland. The intestine is a long, coiled 
tube along which the undigested food passes 
towards the anus and out of the body. 


f 


HEAT PHYSICS 


SUNBATHER enjoying the 
warmth of the Sun lies down in 
the open so that he can receive its 
radiation. The Sun is just about the 
Earth’s only source of radiation and 
is responsible for keeping the Earth 
warm. The Sun radiates heat and 
light. Heat rays (infra-red rays) are 
very similar to light rays. But they 
have slightly longer wavelengths and 
are invisible. Like light rays, they can 
travel across empty space and indeed 
they had to do so in order to reach 
the Earth. Infra-red rays can travel 
across millions of miles of empty 
space without losing their heat energy. 
They only give up their heat on 
collision with the gases that make up 
our atmosphere, leaving only a small 
proportion to arrive at the Earth 
itself Much of this radiation is re- 
flected away from the Earth and the 
remainder, the portion that is ab- 
sorbed, is responsible for keeping the 
Earth at a steady temperature. 

For any object to be warmed by 
infra-red radiation it must be in the 
direct path of that radiation. The 
sunbather feels the heat of the Sun on 
his skin because radiation is falling on 
his skin. If he puts up a sunshade, 
then he is protected from the radiation 
which then hits the sunshade and its 


surface is warmed instead. 

The Sun is by no means the only 
radiator of heat. Every object in the 
Universe is actually radiating heat. 
It stands to reason that the Earth 
radiates heat, for ifit did not, the heat 
from the Sun would build up and the 
Earth would grow hotter and hotter. 
A balanced state has been reached 
whereby the Earth radiates sufficient 
heat to keep its overall temperature 
the same. 

It is easy to understand that the 
Sun radiates heat, and much less easy 
to understand that objects such as 
chairs and books and we ourselves are 


Infra-red rays give up their heat on collision 
wrth something material. Here, they are 
falling on the sunshade and.not on the 
woman. 


also doing it. But at our fairly low 
temperatures the amount of radiation 
is extremely small and we do not 
notice it. Very hot objects such as the 
Sun also emit light whereas colder 
objects do not. A teapot full of tea is 
not glowing red hot, yet the radiation 
can be felt coming from it. 

Some surfaces are better radiators 
than others, e.g. matt black surfaces 
radiate heat much better than polished 
silver surfaces. Thus much more heat 
is felt coming from a black teapot than 
from a polished silver one. This is 
further proved by the fact that the 
silver teapot stays hot for much longer 


Perec enn aed 


Infra-red ‘photograph’ of a darkened kitchen. The hot objects photograph clearly whereas 


the cold objects do not. 
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Radio-micrometer. Radiation falling on the 
blackened junction of the thermocouple 
creates an electric current which causes it 
to rotate in the magnetic field. The 
rotation is measured by a beam of light 
reflected by the mirror onto a scale. 


because it is a poorer radiator. 
Consequently where a good radiator 
of heat is needed, radiating surfaces 
are blackened and where radiation 
must be cut down to the minimum 
the surfaces are silvered or painted 
white. This is why the inner glass 
walls of the vacuum flask are silvered: 
the vacuum itself stops conduction 
and convection but cannot stop radia~- 
tion. 

The radiation properties of different 
surfaces can be demonstrated using 


The area over which the radiation 1s 
spread depends upon the square of the 
distance from the source. As the distance 
ts doubled the intensity 1s quartered and 
50 ON. 


an open metal box, each side of which 
has a different type of surface. 
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Temperature Measurement 


In blast furnaces temperature measurements are needed. At these high temperatures, 
thermometers would melt, so the radiation coming from an open door in the furnace is 
examined instead. One instrument for doing this is the optical pyrometer. Here, the image 
of a hot tube in the furnace is brought into focus on the tungsten filament of a lamp. The 
brightness of the filament depends on the size of the current flowing through it. The current 
is adjusted so that that image and the filament appear equally bright. The current size is an 
indication of the temperature and the instrument is in BS calibrated so that the temperature 
can be read directly. 

Other methods of measuring radiation involve the use of the thermocouple. This consists of 
wires made of two different metals connected in a loop. When one of the junctions. is heated, 
a current flows. Within certain limits the hotter the junction, the ee current. In 


an instrument called the thermopile, a great many thermocoup sir junction 
embedded in a blackened surface. They are connected in such a way 1 - individual 
currents add up to give quite a large current which can be measu ore sensitive 


instrument, the radiomicrometer uses only one thermocouple. This is hung from a wire 
between the poles of a powerful permanent magnet. The radiation falling on the junction 
(which is blackened) causes a current to flow in the wire loop.While the current is flowing 
the thermocouple is deflected Be the magnet in just the same) pe Sn the coil in a moving 
coil ammeter (Issue 21, page 325) is made to rotate. The loop then twists a small amount 
for a small amount of radiation and more for a larger amount. 

Someone standing very close to the open door of a blast furnace could be badly burnc yet 
someone standing just a little bit further away could be quite safe. A thermopile held a 
certain distance from a furnace will receive a certain amount of radiation. Twice the distance 
away it will receive only a quarter the radiation. At three times the distance the radiation 
will be only one ninth. Radiation falls off very rapidly as the distance from the source is 
increased. The temperature differences are very obvious. The planet Venus is nearly twice 
as far away from the Sun as the planet Mercury. The maximum Seeperarics on the surface 


of Venus is only 60°C. compared with that of 410°C. on Mercury. 


The box is filled with Aot water and 
radiation detectors (thermometers 
will serve this purpose quite well if 
their bulbs are blackened) are placed 
at equal distances from the box, one 
opposite each side. Each type of sur- 
face gives a different result, indicating 
that a matt black surface radiates the 
best; white surfaces are poor radiators 
and shiny white surfaces are very 
poor radiators. 

The reverse is also true. A good 
radiator is a good absorber of heat. 
A blackened thermometer held in 
front of an electric fire will show a 
greater temperature rise than one 
which has been painted white. Snow 
will melt first around a rock because 
the rock is a better absorber of heat 
than the white snow which reflects 
most of the heat falling on it. 

The wavelength of radiation com- 
ing from an object depends upon its 
temperature. A fairly cool emitter 
such as a teapot will give off invisible 
radiation of long wavelength, whereas 
a hotter emitter such as an electric 
fire will give off radiation of shorter 
wavelength some of which is visible 
as red light. It is true that radiation 
of a large range of wavelengths will 
be given out but most of the radiation 
will be around a certain wavelength 
and as the temperature of the emitting 
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Thermopile for measuring radiation. 

consists of a large number of Len 
with their ends embedded in a blackened 
surface. The size of the current produced 
by the radiation 1s measured by an ammeter. 


body increases this wavelength be- 
comes shorter. 

Most objects are neither perfect 
radiators nor absorbers of heat. A 
perfect absorber and radiator is known 
as a black body. It is capable of ab- 
sorbing all the radiation that falls on 
it and will emit radiation which is 
characteristic of its temperature. If 
stars are treated as being black bodies 
this provides a method of finding their 
temperatures. The radiation of a star 
is analysed to find the intensity of 
each wavelength of radiation and 
from this the temperature of the star 
can be deduced. Cooler stars are red 
in colour, the very hot stars are blue. 


FAMOUS SCIENTISTS 


AUGUSTE PICCARD 


EW men of science have ventured 

so high into the atmosphere and so 
deep into the ocean as the late Pro- 
fessor Piccard. Born in Switzerland 
in 1884 (the twin brother of Jean 
Félix, also a well-known scientist), 
Auguste first became one of the great 
exponents of ballooning. By profession 
a physicist, Auguste Piccard was 
concerned to explore the region high 
above the Earth known as the strato- 
sphere. He established that a manned 


balloon could ascend to such heights 
to measure, for example, radiation 
and the activity of cosmic rays. 
Piccard built an aluminium airtight 
‘gondola’ supported by a large balloon 
and in 1931 he succeeded in reaching 
an altitude of well over 51,000 feet, 
ascending from Augsburg. A year 
later, Piccard, together with Dr. Max 
Cosyns, reached a height of over 
54,100 feet, from Zurich. Important 
as these achievements were, there is 
little doubt that, in the public mind at 
any rate, he is best remembered for his 
exploration of the depths of the sea. 
After the Second World War Pro- 
fessor Piccard designed the bathyscaphe, 
which might be described as a kind of 
submarine. Whereas a conventional 
submarine is designed to carry a large 
crew and operate in comparatively 
shallow depths, the Piccard bathy- 
scaphe holds only two people. It is, 
in fact, an instrument of research, 
with few other aims than to lower 


observers as far below the surface of 
the ocean as the pressures will allow. 
In appearance Piccard’s bathyscaphe 
resembles nothing so much as a large 
sausage, nearly 50 feet long and just 
over 11 feet 6 inches in diameter. 
Below this structure is a circular 
cabin, about 6 feet across, which will 
hold two men in comfort. A window in 
the cabin enables them to observe con- 
ditions in the ocean outside. Amongst 
the scientific equipment carried are 
an echo-sounder, an electronic flash 
camera, and a special ‘acoustic’ tele- 
phone which enables the observers to 
talk to the escorting surface ship by 
transmitting sound waves through the 
water. Devices in the bathyscaphe 
enable it to be raised or lowered by 
the crew at will. Propellers driven 
by electric motors enable a limited 
amount of horizontal movement. 

The keys to the understanding of 
the bathyscaphe are pressure and den- 
sity. Pressure in a fluid increases with 
depth. Thousands of feet down in the 
ocean pressures are so great that no 
man could survive without the protec- 
tion the bathyscaphe affords. The 
cabin is heavily built of steel, three 
and a half inches thick. The air inside 
is kept at a pressure similar to that 
of the atmosphere, so little difficulty 
in breathing is experienced by the 
crew. The depth of the bathyscaphe is 
controlled by making it lighter or 
heavier. There are two main devices 
for altering the weight. The main 
body (float) of the craft is divided 
into compartments containing petrol. 
Petrol is 30% lighter than water, so 
that the bathyscaphe would normally 
have an inherent tendency to float. 
The hull of the float is quite thin and 
will not resist great pressure. It does 
not need to stand up to pressures 
from outside, however, because water 
is allowed to flow in through holes on 
the underside. Equal pressures are 
thus maintained inside and outside 
the hull. The float chambers at each 
end of the craft can be either flooded 
with water (in which case the bathy- 
scaphe sinks) or allowed to remain 


A Piccard bal- 
loon of the 
1930s. In 1932 
Auguste Piccard 
with a friend 
reached a height 
of over 54,100 
Jeet from Kurich 


in Switzerland. 
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empty (when the craft floats on the 
surface). The most important altera- 
tion in weight, however, is effected 
by two ballast tubes which each hold 
five tons of iron pellets, held in place 
by electromagnets. When the magnets 
are switched off the pellets are drop- 
ped and the bathyscaphe will become 
lighter and will tend to rise to the 
surface. Using a combination of float 
chamber and ballast tubes the depth 
of the bathyscaphe can be controlled 
with accuracy. 

After a prototype F.R.N.S.-2 had 
been developed, two bathyscaphes 
were built to Piccard’s designs, the 
F.N.R.S.-3 for the French Navy and 
the Trieste, launched in 1953. In that 
year Auguste and his son Jacques took 
the Trieste over 10,000 feet down in 
the Mediterranean Sea near Naples. 


FLOAT BALLAST 
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In 1956 Auguste descended 12,000 
feet in the same area. The greatest 
test, however, came in January 1960, 
when the Trieste, sponsored by the 
United States Navy, made the record 
dive in the West Pacific Ocean. 
Manned by Jacques Piccard and Lt. 
Don Walsh, U.S.N., the bathyscaphe 


PETROL-FILLED 
COMPARTMENTS 


BALLAST 5 
Efe ROMAGNET — 


Trieste, the bathy- 
scaphe designed by Pro- 
Sessor Piccard, which in 
1960 descended nearly 
seven miles into the 
Pacific Ocean depths, 
manned by  Facques 
Pucard and Lt. Don 
Walsh. 


descended in the Marianas Trench 
some 35,800 feet (about seven miles), 
taking over four and a half hours to 
do so. 

It should perhaps be noted that Pro- 
fessor Piccard’s bathyscaphes are not the 
same type of vessel as the bathyspheres 
developed by Dr. Beebe and Otis Bar- 
ton for deep ocean exploration. The’ 
bathysphere is more simple in con- 
struction, basically a large metal 
sphere (cabin) which can be lowered 
by cable from a surface ship. 

Professor Auguste Piccard died in 
March 1962, but his work is being 
carried on by his son Jacques. It 
is likely that Trieste, far from being 
the final word in deep exploration 
of the oceans, is rather the herald 
of great advances yet to come. 


A diagram of the structure of the Trieste, 
Showing the compartments filled with petrol. 
The float chambers at each end are filled 
either with water or with air, depending on 
whether the craft is intended to submerge 
or to float. 
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Diascopes and Epidiascopes 


OTH the slide projector and the 

epidiascope are designed so that 
many people are able to see a very 
much enlarged image projected onto a 
screen. The slide projector, also called 
a diascope, gives a stationary pic- 
ture of a film slide which has been 
put in it. These projectors form their 
images from transparent films which 
resemble in appearance the well- 


py ll LAMP CONDENSER 
the screen. 
known film negatives. But the 


ordinary negative cannot be used in 
a projector, for this will give rise 
to a peculiar-looking image which 
is dark where it should be light and 
light where it should be dark and is 
in fact a straightforward enlargement 


REFLECTOR 


NON-SPHERICAL 
CONDENSER 


TOP VIEW OF THE LAMP HOUSING 
of the negative. A fositive trans- 
parency must be used. A source of 
light is placed behind the film so 
that the light rays can pass through 
it and then through a converging lens 
which forms an image of the film on 
the screen. 

A ray of light falling on a light 
part of the film slide will pass through 
it and will later fall on the screen. 
Another ray of light which is stopped 
by a dark part of the film will not 


SLIDE 
| aap 

The slide projector. An enlarged in- 
verted image of the slide is thrown on 


be able to reach the screen and there 
will be darkness at that point. The 
positive film looks very much like an 
ordinary photograph except that its 
white areas are transparent. 

The theory of how the slide pro- 
jector works has been given, but in 
practice certain modifications are 
needed in its actual construction. 
Firstly, a very bright and compact 


BICONVEX 
LENS 


light source is needed because the 
screen must be well illuminated. Dark, 
dim pictures are difficult to see. All 
the light falling on the screen must 
have first passed through the trans- 
parency. A fairly small screen—say 
5 feet by 5 feet (3,600 square inches) — 
will be about 3,600 times the area of 
the transparency. So for the required 
light intensity on the screen the light 
intensity at the transparency must be 
3,600 times as great. Hence the 
illumination of the transparency must 
be as efficient as possible. The light 
source is an incandescent filament 
lamp whose filament wire is coiled, 
and then this coil of wire is itself 
coiled to make a small compact light 
source. The whole optical system is 
inside a housing so that light does 
not escape and a concave mirror is 
placed behind the lamp to reflect back 
any light escaping in that direction. 
The light falls on two plano-convex 
lenses (known as the condenser). The 
condenser gathers up light and con- 
centrates it onto the nearby trans- 
parency, with the same illumination 
at the centre as at the edges. A pro- 
jector without a condenser gives a 
very dim picture on the screen which 
is difficult to see and is unevenly 
illuminated, being much _ brighter 


at the middle than at the edges. 

Wherever there is light there are 
also heat rays (infra-red rays). These 
are very similar to light rays and are 
only converted into heat whenever 
they collide with something material. 
This will happen when these rays 
come in contact with the film which 
obviously must not become over- 
heated. Suitably placed air vents and 
a fan are used to disperse the heat. 
Nevertheless the instrument will be- 
come quite warm because of this effect. 

The light rays, having been con- 
centrated by the condenser, pass 
through the transparency and fall on 
the lens of the projector. This lens 
gathers up the light rays sharply so 
that those coming from the bottom of 
the transparency cross over to form an 
image at the top of the screen and 
those from the top give an image at 
the bottom of the screen. So to get an 
upright image on the screen the 
transparency must be put in the 
projector upside-down. 

It is usual to screw the lens in or 
out until the image is properly ‘in 
focus’ on the screen. 
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ATER supply is an_ essential 

feature of everyday life and is 
more or less taken for granted in 
civilized communities. Water com- 
panies are required by law to provide 
pure water, free from visible 
suspended matter, free from taste and 
smell and from any mineral or organic 


matter which could 
be harmful to 
health or detri- 
mental toindustrial 
processes. When 
one considers that 
in a typical town 


more than fifty 
gallons are pro- 
vided each day per 


head of popula- 
tion, one can ap- 
preciate that this 
is no small under- 
taking. 

Water is ob- 
tained usually from rivers, but, in 
areas where the geological formation 
allows it, wells (sunk into water- 
bearing rocks) may provide a sub- 
stantial contribution to the volume of 
water required. (Wells in the London 
area provide 15 per cent of the 
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Metropolitan Water Board’s water, 
the rest comes from the Thames and 
its tributaries.) River water is usually 
muddy and contains much undesir- 
able matter including millions of 
harmful bacteria, all of which have 
to be removed before the water is 
considered pure enough to go into the 
service mains leading to your kitchen 
tap. Many towns have no suitable 
river from which they can obtain 
water. In such cases water will have 
to be piped—often for great distances 
—hbefore reaching the town’s water 
works. Sometimes a whole valley may 


STORAGE 


be dammed to produce a_ semi- 
natural lake which will act as a 
storage reservoir from which water 
can be taken. This has been done in 
Westmorland to provide a_ water 
supply for Manchester, many miles 
away. 

When water is pumped from the 
river it goes into a large open reservoir. 
This serves to help out the water 
supply during dry periods, and also 
plays a valuable part in the purifica- 
tion process as a large amount of 
suspended material settles here and 
many of the  disease-producing 
bacteria will die off. Unfortunately 
the conditions in a still body of water 
are ideal for the growth of minute 
plants known as algae. The plants are 
removed by filtration but the filters 
may require more frequent cleaning 
if algal growth is heavy. Chemical 
treatment of the reservoir water may 
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(Left) Cut-away diagram of a water tower showing the inlet and outlet mains. 


WATER 
SUPPLIES 


be used to reduce algal growth. 
Care must be taken at the reservoir 
to prevent any disturbance of the 
sediment and to avoid floating debris 
getting into the filters. At the filtering 
station the water is allowed to trickle 
down through layers of sand and 
gravel. Treatment of the water with 
chemicals which cause the particles to 
clump together increases the effi- 
ciency of filtration but is not always 
practical. The first filters are of 
coarse sand and are easily cleaned by 
blowing currents of air through them 
frequently. The water runs through 


PRIMARY 
FILTERS 


DRAW-OFF 


this type of filter at a speed of about 
twenty feet per hour and the parti- 
ally filtered water obtained is fed 
onto the surface of the secondary 
filters which consist of gravels covered 
with about two feet of fine sand. 
Under the gravels there are porous 
tiles forming drains through which 
the water passes on its way to the next 
stage. These secondary filters are 
much slower in their action—the 
water moving at under one foot per 
hour. This is because the fine sand 
has much smaller spaces through 
which the water can flow. The system 
is, however, preferable to that where 
only a fine filter was used and was 
always being choked up with large 
particles. As the process goes on, a 
film of fine silt, debris and micro- 


Some bacteria found in river water. 
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organisms builds up on the surface of 
the sand. The bacterial population of 
this film plays a useful role in that 
the organisms break down complex 
organic material into harmless in- 
organic compounds. The bacteria 
multiply and form a jelly-like layer 
round the sand grains in the surface 
layers. Suspended material is caught 
in this jelly and provides the bacteria 
with nutrient material. However, this 
deposit makes a larger head of water 
necessary to maintain the required 
flow through the filter and eventually 
it becomes necessary to shut off the 
water supply and clean the filter by 
removing the top inch or so of sand 
and washing it in clean running water. 
The washed sand can then be replaced 
and the filter returned to normal use, 
although its efficiency in removing 
particles will be somewhat reduced 


CHLORINATION 
SECONDARY PLANT 
FILTERS 


PUMPING STATION 


chlorination plant the water receives 
a small dose of chlorine which makes 
sure no undesirable bacteria remain 
in it. The actual dose applied varies 
according to local conditions and the 
quality of the water being processed. 
However, enough is used to kill off 
any bacteria and continuous testing 
of water passing out of the plant 
ensures that the chlorine level is not 
high enough to make the water taste. 
Although these purifying processes 
are very efficient, the water is still 
tested daily for bacteria. A harmless 
bacterium, Bacillus coli, found in every 
one’s stomach, is very hardy and 
difficult to kill and has been adopted 
as an index of purity. If none or only 
a few of these are present in a test 
sample it can safely be concluded that 
there are no harmful bacteria in the 
water. 


(Above) A simplified layout of a typical water works. 


until the film forms again. There are 
several of these filters at the water 
works so that each can be cleaned in 
turn without too much hindrance to 
the purification process as a whole. 
Some minor operations may be 
necessary, according to local water 
conditions. For example, iron, which 
would give the water a sour taste and 
would stain fabric material during 
washing, must be removed. Other 
minerals are encountered locally and 
are removed by chemical processes 
varying with the nature of the mineral 
impurity. After removal of all these 
impurities the water passes to the 
chlorination plant where it is treated 
with the gas chlorine. This is the 
substance used at swimming pools to 
kill germs in the water there. At the 


More bacteria isolated from water. 


Our water is now in a fit state to 
be used in home and factory. Large 
pumps, working all the time, pass the 
water into what is known as the service 
reservoir. This is a covered chamber 
where the purified water is stored and 
from where it passes into the maze of 
underground pipes that supply the 
houses in the area. The ideal site for a 
service reservoir is high up so that the 
water will build up sufficient pressure 
to run freely from the main water 
pipes of the area. In practice, a large 
town will have a number of these 
reservoirs, each supplying a certain 
area. The total volume of water in 
these reservoirs should be equivalent 
to the estimated storage need for the 
whole area for a given period. Small 
hill-top areas are frequently domin- 
ated by a water tower. This is really 
a small service reservoir built to 
provide a sufficient head of water for 
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A draw-off tower at a reservotr. 
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the hill-top area which cannot be 


served from conventional — service 
reservoirs. The water tower is filled by 
pumping at the pumping station and 
usually contains about 6 hours’ supply. 
An arrangement of floats and electrical 
contacts can be used to start and stop 
the pumps automatically when the 
water level in the tower falls to a 
minimum or reaches maximum 
capacity. The main pipe to the water 
tower may itself give off branches to 
the local houses, or there may be a 
separate outlet main for this purpose. 
The branch pipes leading to houses 
have large taps or valves at regular 
intervals. These are very necessary for 
tracing leaks and shutting off the 
water from a small area so that leaks 
can be repaired or new house pipes 
joined to the main. Opening the 
kitchen tap causes the water to flow 
out of the pipe and down the drain, 
eventually reaching the river to begin 
the cycle again. 
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The Blood Pressure Gauge 


"THE heart is an organ which pumps 

blood around the body—through 
one system of tubes (arteries), through 
a linking system of capillaries and 
through another system of tubes 
(veins) back to the heart. Normally, 
a human heart beats 72 times each 
minute when a person is at rest 
and at every stroke ten cubic inches 
of blood are forced out into the body. 
Blood pressure is simply the pressure 
exerted by the blood against the walls 
of the blood vessels due to the pump- 
ing action of the heart. Actually two 
pressures are measured. The systolic 
pressure is the force exerted by the 
blood during a heart beat (i.e. when 
the heart contracts), while the diastolic 
pressure is the force of the blood as 
the heart rests between beats (i.e. 
relaxes). The diastolic pressure is a 
measure of the total resistance of the 
blood vessels to the flow of blood 
through them. 

The instrument which measures 
blood pressure is called a sphygmo- 
manometer (sphygmo comes from a 
Greek word meaning pulse). This is 
not as complicated as the name would 


The doctor listens for the return of the patient’s 
pulse as air 1s slowly released from the cuff. 


suggest. It consists of a cuff (a rubber 
bag which can be inflated, wrapped in 
material) connected to a column of 
mercury in a glass tube. The principle 
is that the pressure of air in the cuff 
governs the height of the column of 
mercury in the glass tube. As the 
pressure of air in the cuff increases it 
forces the mercury higher up the tube 
and as the pressure decreases the 
height of the mercury falls too. In 
other words, the sphygmomanometer 
works on the same basis as the baro- 
meter which measures atmospheric 
pressure. To check a person’s blood 
pressure the cuff of the apparatus is 
wrapped securely, like a bandage, 
around the arm above the elbow and 
inflated by means of a hand pump. 
At a certain pressure the cuff con- 
stricts the arm sufficiently to stop the 
flow of blood. When this happens the 
pulse can no longer be felt at the 
wrist. The pulse is simply a pressure 
wave caused by the pumping action 
of the heart. Leaving the heart 
with each beat it travels along the 
blood vessels, decreasing as it goes. 
The pulse can be felt at the wrist 


THE ANEROID SPHYGMO- 
MANOMETER WORKS ON THE 
SAME PRINCIPLE AS THE 
ANEROID BAROMETER. 

(SEE PAGE 133) 
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Diagram illustrating what happens when 
air is gradually released from the cuff. 


because an artery happens to be near 
the surface at that point and close 
to a bone against which it can be 
pressed. 

After the point of pulse disappear- 
ance has been reached, the doctor 
places his stethoscope on the large 
blood vessels (arteries) at the bend 
of the elbow and slowly lets air out of 
the cuff. As the pressure of the cuff on 
the arm decreases the heart is able 
to force blood through the arteries 
again. This means that the pulse 
returns. Listening intently, the doctor 
notes the point at which the first 
regular beat is heard. The level of the 
mercury at this point gives the systolic 
pressure. More air is released from the 
cuff and the volume of the sounds 
decreases and finally fades away to a 
faint murmur. To understand this, 
press your pulse hard and you will 
feel it strongly, but gradually release 
the pressure and it will fade away. 
The point at which the pulse dies 
away is the diastolic pressure (indicat- 
ing that the heart is fully relaxed), 
once again given by the height of the 
mercury in the glass tube. 
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A SIMPLE RADIO RECEIVER 


PREVIOUS articles (Issue 19, page 

302; Issue 22, page 340; Issue 24, 
page 369) have explained how 
electronic oscillations of both audio 
and radio frequencies are amplified 
by suitable electronic circuits and also 
how a radio wave can be detected, i.e. 
how the high-frequency carrier wave 
is removed from the radio signal, 
leaving the audio frequency signal to 
be changed into sound. The radio fre- 
quency and audio frequency amplifiers 
and the detector can be thought of as 
building blocks in a radio circuit. 

Like all more complicated 
electronic equipment, the receiver is 
made up of a number of these blocks, 
called stages, all joined together. Each 
stage has a definite function to per- 
form in changing the radio signal 
which is picked up by the aerial back 
into a sound very similar to that which 
was made in the broadcasting studio. 
The working of a radio receiver can 
be understood by looking at a block 
diagram in which each stage is drawn 
simply as a ‘block’. (The aerial and 
earphones are shown as symbols be- 
cause they can be drawn so simply.) 

Looking at the block diagram of the 
simple radio receiver we see that the 
first thing that is needed is the aerial. 
The aerials on modern receivers are 
usually inside the set, but everyone 
will be familiar with the radio aerial 
on, for example, a car. An aerial is 
simply a metal strip, either a rod or a 
wire. When the radio wave reaches 
an aerial it causes electrons in the rod 
to move in time with the wave. Hence 
the aerial converts the radio signal 
into a movement of electrons, i.e. 
into a varying electric current. 


Below is a block diagram of the 
Simple Radio Receiver 


There are many radio signals being broad- 
cast all the time, so the next requirement of 
the receiver is a device to remove all the 
signals except the one that we want to listen 
to. In terms of a radio set, we require one 
carrier signal to get through and all the others 
to be stopped. It has been explained on page 
334 how this is done using a parallel tuned 
circuit which allows only the frequency at 
which the circuit is set to resonate to pass and 
stops other frequencies. Since a tuned circuit 
is used this stage is called a tuner. To change 
the programme which is heard from the set 
the resonant frequency of the tuner is 
changed. This is most conveniently done by 
changing the capacitance of the tuned 
circuit, so a variable capacitor is put into this 
part of the circuit. 

Coming from the tuner is a single radio 
frequency signal which contains the audio 
signal that we want to listen to. Since the 
voltage variation in the aerial is very small, 
the signal will be weak. Hence the next stage 
in the circuit is an amplifier. This amplifier 
must be able to work at the high frequency 
of the carrier wave, so a pentode (five 
electrode) valve is used instead of a triode. 
The way that the radio frequency amplifica- 
tion stage works has been explained on page 
339. The size of the signal from the pentode 
can be very conveniently regulated by a 
variable resistor connected between the 
cathode and the ‘earth’, so a variable resistor 
connected here is used as the volume control 
for the set (since the size of the signal passed 
through the set is proportional to the amount 
of sound which comes out of the loudspeaker). 

The output from the radio frequency ampli- 
fier is a large modulated oscillation. The modulation 
is now removed using a diode detector. The diode 
detector has already been explained on page 
369. The oscillation coming from the detector 
is the original audio frequency signal. 

An audio frequency oscillation is turned 
into sound by passing it into earphones or 
into a loudspeaker. However, these need a 
lot of power to make them sound. For this 
reason an audio frequency amplifier stage is 
put in after the detector. This increases the size 
of the signal which may now be heard when a 
pair of earphones are connected. A loud- 
speaker requires more power to work it than 
earphones, so if the radio is required to work 
with a loudspeaker then more audio frequency 
amplifiers must be added to this stage. 

Since the amplifiers make the signal 
bigger, i.e. supply power to the signal, they, 
themselves, need a source of power. In this 
receiver the power comes from the normal 
household mains supply which is turned into 
a steady direct current by passing it through 
a rectifier (Issue 23, page 366). The rectifier 


THE AERIAL, THE TUNER, AND’ THE 
RADIO FREQUENCY AMPLIFYING CIRCUIT. 
Le eg CIRCUIT IS DESCRIBED ON 


THE DIODE DETECTOR STAGE OF THE CIRCUIT. 
THE DETECTED OUTPUT IS TAKEN FROM THE 
CATHODE AS DESCRIBED ON PAGE 371. THIS IS 
Ma Pag CIRCUIT AS THE LOWER DIAGRAM ON 


THE AMPLIFICATION OF THE OUTPUT FROM THE 
DETECTOR. THIS IS THE AUDIO FREQUENCY AMPLIFIER 
(SEE PAGE 302). THIS CIRCUIT HAS NORMAL POWER 
SUPPLIES, AND THE BIAS VOLTAGE IN THE CATHODE 
CIRCUIT IS AS DESCRIBED ON PAGE 341. 
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THE SIMPLE RADIO RECEIVER COMPLETE 


The numbers on the components refer to the circuit diagram on this page, and not 
to the similar circuits in previous issues. C-=Capacitor, R=Resistor, V—Valve, 
T=Transformer. 
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is then connected to the terminals marked 
H.T.+ and H.T.— on the circuit diagram. 
Normally the rectifier would be built into 
the receiver; here it has been kept separate in 
order to simplify the circuit. 

It should now be possible to see how the 
electronic circuits which make up_ the 
different stages are coupled together to form 
the complete circuit. There are three types 
of coupling called transformer coupling, re- 
sistance-capacitance coupling, and direct coupling. 
Which of these is chosen to connect one stage 
to the next depends upon the signal which is 
passing. The transformer coupling can be 
used as an extra tuning stage, since the coils 
of the transformer can be made part of tuned 
circuits (which allow only one frequency to 
pass). This is useful in coupling the radio 
frequency stage to the diode detector, since 
the signal which passes must have only one 
frequency, the frequency of the carrier wave. 
To change the frequency of the carrier wave 
which is allowed through in order to change 
the programme, therefore, both of the variable 
capacitors must be adjusted. For this reason 
the controls of the capacitors are joined 
together inside the set. They are said to be 
ganged. 

The audio signal which is left after 
detection is only a single frequency if the 
note of a tuning fork is being broadcast. Any 
more complicated sound, such as an instru- 
ment or a voice, will consist of a mixture of 
various audio frequencies and the signal will 
not have a regular shape. Accordingly within 
the audio range of frequencies everything 
must be passed to the earphones, for the 
value of the capacitor can be chosen to allow 
all wanted frequencies through. Hence a 
resistance-capacitance coupling is used in 
the output from the audio frequency amplifier 
stage where all frequencies up to about 
15,000 cycles per second may be present. 

Finally direct coupling is the name given 
when the output from one stage is fed directly 
into the input of the next. This is the obvious 
way to couple circuits. Direct coupling is 
not always used because the following stage 
of the circuit would not be protected from 
a large steady voltage if it suddenly appeared, 
caused, perhaps, by a short to the H.T. line. 
As the circuit diagram shows, the H.T. line 
is not connected to the tuner, so there is no 
chance of a large voltage getting to the 
pentode from this. Hence direct coupling 
is used between the tuner and the radio 
frequency amplification stage. 

The circuit looks very complicated to 
begin with but, remembering what the circuit 
diagram of each stage looks like, it should 
soon become clear. The amplifying stages 
look simpler in the complete circuit diagram 
since amplifiers, which need to be connected 
to a power supply as shown in the block 
diagram, are all connected to the same 
power line. Hence all their anodes are joined 
to the same high tension line (through suit- 
able resistances which ensure that the valve 
is working under the best conditions for it), 
while all the valve cathodes are led through 
bias resistors to the same earth line. 

The circuit which has been described 
contains all the stages which are essential for 
a receiver. However, there are many ways of 
improving this simple radio receiver. Some of 
these improvements will be described in 
future issues. 
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LEAD PAINTS 


— their Uses and Manufacture 


AINTS are applied to surfaces to 

protect them and thus prolong the 
life of a structure. A metal bridge, 
for example, needs to be painted to 
prevent or reduce rusting, and the 
woodwork in a building needs to be 
painted to prevent decay of the wood. 
Paint is also used to decorate, and 
the wide range of colours now avail- 
able enable many surfaces to be made 
attractive. 

In order to protect, paints when 
dry should not break down too rapidly 
or fade unduly. A paint should have 
good covering power to enable it to 
hide underlying darker colours; it 
should adhere to the surface firmly 
and not flake off; it should be easily 
applied and dry satisfactorily; it 
should reduce the passage of water 
through it. 
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Paint is a mixture of substances 
consisting of the following main 
components: 

A Pigment which may be white or 
coloured. 

A Binder which is a thick liquid, drying 
to a solid coating when spread on a 
surface and exposed to the air. 

A Thinner which is a liquid material 
used to make the paint suitable for 
brushing and spraying. 

A Drier which speeds up the drying 
process. 

The proportion and nature of these 
basic ingredients may be varied to 
suit the purposes for which the paint 
is required. 

Pigments 

The most commonly used pigments 
for protective paints are white lead and 
red lead. 


Spraying a metal surface with red lead. 
Normally this 1s done only where speed is 
vital. This man wears a mask to ensure 
that he does not breathe in any of the toxic 
droplets of paint. 


White lead is a basic carbonate of 
lead having the chemical formula 
Pb(OH)2.2PbCOs and has been used 
since Roman times as a paint pigment. 
All the methods of manufacturing it 
involve the action of carbon dioxide, 
air and water on lead in the presence 
of acetic acid. The Dutch or Stack 
process involves leaving sheets of lead 
over pots of dilute acetic acid and 
surrounded by tan bark. A stack is 
built up of layers of pots, and over 
a period of three months or so the lead 
is slowly converted into the basic 
carbonate. In the Chamber process the 
reaction is speeded up and the lead 
in sheet form is hung in a chamber 
into which is passed acetic acid, water 
vapour, air and carbon dioxide. At 
the present time, however, most of the 
white lead is produced by a pre- 
cipitation process. Lead reacts with 
acetic acid and carbon dioxide which 
is pumped into the solution to pro- 
duce the basic lead carbonate in the 
form of a water paste. 

Commercially, white lead is sold to 
paint manufacturers either as a dry 
powder or as a paste in linseed oil. 
If the dry powder is required it is 
obtained from the water paste by the 
removal of the water in stages using 
heat. If the linseed oil paste is re- 
quired, the appropriate quantity of 


A single roll mill of the type used to break 
up the lumps (agglomerates) in the mixture. 


linseed oil is added to the water paste, 
and during mixing most of the water 
is displaced, leaving an oil paste of 
white lead. The traces of water 
remaining are removed with the aid of 
vacuum and steam heating. 

Red lead is an oxide of lead having 
the chemical formula Pb,;O,. It is 
prepared by heating litharge (lead 
monoxide, PbO, a yellowish solid) in 
air at a temperature of 475°C. for 
several hours. Commercial red lead 
contains a small proportion of un- 
reacted litharge, but the quantity is 
carefully controlled during the process. 

Calcium plumbate is a fairly new lead 
pigment and is manufactured by 
heating a mixture of lime (calcium 
oxide) and litharge in air at a 
temperature of 700°C. Many of its 
properties are similar to those of 
red lead and it has the chemical 
formula 2CaO.PbO,, but unlike red 
lead, calcium plumbate is pale in 
colour. 

In addition to these substances, 
other pigments known as extenders are 
used in lead-based paints. Such 
materials include asbestine (fibrous 
talc) and barytes (barium sulphate). 

The first of these materials is used 
to reduce settlement of the pigment 
and the second to provide a slightly 
rough surface to ensure adhesion 
(grip) of further coats of paint. The 
quantity and type of extender is 
carefully selected to avoid reducing 
the properties of the paint. 


Binders 

Until the development of modern 
‘synthetic’ paints the binder used 
consisted almost entirely of linseed 


Most of the water is displaced during 
mixing to produce linseed oil paste. 


Paint Manufacture 


The manufacture of a paint involves 
not only mixing of the ingredients but also 
grinding to ensure that the pigment 
particles are separated and not joined 
together in lumps (known as agglom- 
erates). It is also necessary to ensure 
that each pigment particle is fully coated 
with the binder. This process is carried out 
in a paint mill which either squeezes or 
rubs the components together. Paint 
mills can be divided into two particular 
types, roller mills and ball mills, although 
there are numerous modifications of each 


type. 

Prior to processing in the roller mill, the 
ingredients are thoroughly mixed in a 
machine known as a pug which is similar 
in design to a dough mixer. In the mill, the 
movement of the rolls spreads the mixture 


oil. This is obtained from crushed 
flax seeds and the resultant oil is 
usually refined with acid or alkali 
before use. In addition, the properties 
of the oil are often modified by various 
heat treatments. Tung oil (China wood 
oil) is also often used in paints and is 
obtained from the kernels of two 
originally Chinese trees, now grown 
in the U.S.A. Although these two 
oils are still used in primers and 
undercoats, the binder used in a 
finishing paint is often based on man- 
made resins. These are manu- 
factured from drying oils, such as 
linseed oil, by reacting it with organic 
acids such as phthalic acid and 
glycerol. These resins when dry are 
very much harder than linseed oil, 
and thus give a more attractive and 
weather-resistant surface. 


Thinners 

The thinner used originally was 
nearly always turpentine (obtained from 
the pine tree). Today, the thinners 
used in most paints are petroleum 
products, the most commonly used 
material being white spirit (known in 
the retail trade as “Turps Substitute’). 
During the drying of a paint the 
thinners evaporate from the film. 


Driers 

The time taken for a linseed oil or 
resin film to dry is normally too long 
for practical paint use and it is found 
in practice that it is necessary to add 
materials to speed up the drying. 
These materials, known as driers, are 
usually solutions in white spirit of 
organic compounds containing lead, 


into a film, thus breaking up agglomerates 
and coating the pigment with the binder. 
At this stage the paint is rather thick, and 
the final process consists in adding more 
binder and the thinners and driers to 
produce the final product. 

A ball mill consists of a rotating cylinder 
into which is placed a mass of steel or 
porcelain balls. The rubbing action is 
obtained when, during the rotation of the 
cylinder, the balls rub over one another in 
an attempt to reach the bottom of the 
cylinder. The ingredients of the paint are 
mixed together and transferred to the ball 
mill and the operation of milling takes about 
16 hours. As with the roller mill method of 
manufacture, the paint at this stage is 
rather thick and thinning as before is 
necessary. 


cobalt or manganese. 


Uses of Lead Paints 


Red lead paints and calcium plum- 
bate paints are widely used as primers 
for iron and steel. In addition calcium 
plumbate paints are used as primers 
for zinc galvanized surfaces. Paints 
containing a mixture of white lead 
and red lead are extensively used for 
the priming of timber surfaces. White 
lead is also used as the main pigment 
in undercoating paints and, to a lesser 
extent, in finishing paints. 


A reaction vat where lead reacts with 
acetic acid and carbon dioxide to produce 
the basic lead carbonate. 


| ELECTRICITY | 


RELAY S$ 


NORMOUS amounts of power 

can be released at the push of a 
button. The man operating printing 
presses, for example, simply pushes a 
button to send electric power to the 
powerful motors driving the presses. 
He may want to start and stop the 
machines, or turn them through a 
fraction of a revolution, and perhaps 
operate all the motors from the same 
control panel. So it is usually more 
convenient to operate by remote 
control. The motors and their control 
panel may be. a considerable distance 
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apart. 

When he pushes the button the 
machine operative completes an elec- 
tric circuit leading from the button 
contacts to the motors. But this circuit 
is not directly connected to the power 
supply driving the motors. It would 
be dangerous for the long wires to 
carry large currents of electricity 
around. There are, in fact, two 
separate circuits. Closing the gap 
in the first circuit operates a switch 
called a relay which automatically 
closes the gap in the second circuit, 


and switches the machine on. The 
relay consists essentially of a coil of 
wire (a solenoid) wound on an iron 
core and a piece of soft iron (an arma- 
ture) mounted on a spring. When a 
current of electricity is passed round 
the coil, the solenoid acts like a magnet 
and attracts the soft-iron armature. 
The relay is similar to the electric bell 
(page 301). But instead of moving a 
clanger to strike a bell, an armature 
moves across a gap in the high-power 
circuit and closes it, allowing large 
currents of electricity to flow to the 
motor and start it. The coil of the 
solenoid is part of the circuit which the 
operator completes by pushing the 
ON button. This is a ‘safe’ circuit, 
since only a very small current is 
needed to magnetize the solenoid and 


this current can be supplied by a 
battery (or any other low-voltage 
source). The OFF button releases 
the ON button, making a break in the 
‘safe’ circuit; this stops the current 


from flowing in the ‘safe’ circuit 
and causes the solenoid to lose its mag- 
netism. (The solenoid acts like a 
magnet only when current is flow- 
ing through its coil.) The armature 


PAIR OF CONTACTS 


SOLENOID 


BATTER 
OPERATING 
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One man can operate this huge printing 
press by simply pushing buttons at the 
control panel. The motors can also be 
operated separately from the smaller control 
panels. 


springs back, the second circuit is 
broken and the machine stops. 

Relays are used whenever a large 
amount of electric power has to be 
controlled. The high-voltage power 
supply from electricity generating 
stations is turned on and off through 
relays. Again it would be dangerous 
if the high-voltage circuit were directly 
connected to a hand-operated push- 
button. 

The relay passes information from 
one circuit to another. The informa- 
tion may beas simple as ON and OFF. 
A tiny ON signal in the operator’s 
circuit gives rise to an ON signal 
of much greater power in the second 
circuit. The fact that a small signal 
transmitted along wires can control a 
relay, miles away, and produce an 
amplified, or larger, ON or OFF 
signal is the basis of telegraphy which 
will be described in a later issue. 

However, relays can be used to 
pass on information more complex 
than ON or OFF. The relay may 
control a number of different second 
circuits each of which will be closed at 
a different electric signal in the opera- 
tor’s circuit. This is what happens in 
automatic telephones. The caller dials 
a number, and each different number 
on the dial sends a different electric 
signal along the telephone wires to a 
system of relays at the exchange. The 
relays are designed so that they will 
select the right armature circuit 
(which leads to the listener at the 
other end of the phone) to correspond 
to the number the caller has dialled. 


HIGH POWER CIRCUIT 


ARMATURE 


SPRING 


BATTERIES SYMBOLIZING POWER SUPPLY TO MOTOR 


When the switch is OFF there 1s a gap in both circuits and no current flows in either. Turning the switch ON closes the first gap and com- 
pletes the low-power circuit. Current can flow through the solenoid, magnetise it, and the armature 1s attracted towards the solenovd. 
This presses a pair of contacts together, closing the second gap, and current can now flow in the high-power circuit to the motors. 
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Lampreys 

In lampreys, the simplest verte- 
brates, the gut is relatively un- 
specialised. 

Lampreys feed mainly on fishes 
which they attack with their 
sucking mouth, rasping away the 
flesh of the fish with a tongue on 
which there are several horny 
teeth. The oesophagus, a narrow 
tube, leads from the mouth 
straight to the intestine; there is 
no stomach comparable to that 
of other vertebrates. The liver 
produces bile which is stored in 
the gall bladder. The bile duct 
from this opens into the intestine 


just behind its junction with the © 


oesophagus. Patches of tissue on 
the intestine wall, the forerunner 
of part of the pancreas in higher 
forms, release an enzyme that is 
similar in action to trypsin in 
man. 
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PHARYNX 


OESOPHAGU 
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OF INTESTINE 


Sharks 
In sharks the digestive system 


is essentially similar to that of 


other vertebrates with jaws. Prey 
is seized in the mouth and 
prevented from escaping by rows 
of sharp backwardly pointing 
teeth. Glands lining the pharynx 
(the cavity behind the mouth) 
produce mucus which moistens 
the food and aids its passage 
down the oesophagus to the 
stomach, a large sac. Pepsin and 
acid are produced in_ the 
stomach. A _ sphincter muscle 
controls the outflow of partly 
digested food from the stomach to 
the intestine. The bile duct and 
pancreatic duct open into the 
first part of the intestine. This is 
a stocky organ containing a 
spiral valve which increases its 
effective length and the surface 
area through which the absorp- 
tion of digested food can take 
place. The rectum is very short 
and undigested food passes along 
it and out of the body, together 
with the urine, by way of the 
cloaca. 


ay 


in 


Bony Fishes 


The details of digestion are 
similar in bony fishes. There is no 
spiral valve but the intestine is 
often long and coiled and _ its 
internal surface may be ridged. 
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STOMACH 


RECTUM 


CLOACA 


VERTEBRATES 


N vertebrates the alimentary systems 

are all based on the same funda- 
mental plan. Though there are 
variations in structural details, this 
basic system, and the enzymes that it 
produces, is able to deal with the 
varied diets of different vertebrates. 
Meat is more easily digested than 
plant food and, in fact, in meat-eaters 
parts of the gut are often shorter and 
less elaborate than in plant-eating 
animals. A plant-eating frog tadpole 
has a relatively longer gut than an 


insect-eating adult frog, for example, 


Animals, such as cows, that consume 


large quantities of plant material have \ 


a stomach with several large chambers 


in which bacteria can break down the, 
cellulose of the plant walls into % 


sugars that the cow can use. 
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Amphibians 

In amphibians, such as the 
frog, juices similar to those in 
man are poured onto the food 
though there are no salivary 
glands and no digestion takes 
place in the mouth. This is also 
the case in fishes. Adult frogs live 
mainly on insects, flicking out 
the sticky tongue which is 
attached to the floor of the mouth. 
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Reptiles Di 


Amongst reptiles the mucous 
glands in the mouth are well 
developed. In snakes they have 
become modified to form poison 
glands. 

The rectum does not open to 
the exterior direct but empties 
into an enlarged chamber of the 
cloaca, as does the urine from the 
kidneys. In these chambers 
water is absorbed both from the 
urine and from the faeces. 
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Birds 


The gut of birds is highly specialised. Saliva is 
poured onto the food in the mouth and it is swallowed 
down the oesophagus and into the crop. This is often 
large, particularly in birds that eat grain, and the food 
is partly broken up by its storage there. The stomach 
is divided into two parts, the proventriculus and the 
gizzard. The former produces enzymes and the food, 
which is then thoroughly moistened and partly broken 
down, is ground up in the gizzard which has a thick, 
powerful and muscular wall. In carnivorous birds the 
gizzard is less muscular. Bile and the pancreatic juices 
are poured onto the food in the small intestine. The 
cloaca is divided into chambers and much of the water 
in the faeces and from the urine is absorbed there. 
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Mammals 


Amongst mammals, the ungulate (hoofed) mam- 
mals are interesting in that parts of the gut are 
specialised as chambers in which the cellulose of plant 
food can be broken down by the activities of bacteria. 
In the odd-toed ungulates (horses, etc.) the caecum 
is modified, but in even-toed ungulates (cows) the 
stomach is modified. In the cow, for example, the 
stomach is a large four-chambered organ. Food is 
eaten and swallowed. It passes down the oesophagus 
to the first chamber of the stomach. From time to time 
it is brought up and chewed—a process that is com- 
monly termed ‘chewing the cud’. It is then swallowed 
again, whence it passes into the other chambers in turn 
where it is acted upon by bacteria. 

Very few animals produce an enzyme that is able 
to break down cellulose, and must rely on the activities 
of bacteria. 


FAMOUS SCIENTISTS 


COUNT RUMFORD 


HAT is heat? The question today is a relatively 
simple one. The answer would be that heat is a 
form of energy, not a chemical substance. For centuries 
however, scientists were puzzled as to the nature of heat, 
and it was only through the work of such men as Count 
Rumford that the real answers came to be known. 

Benjamin Thompson, who later became Count Rum- 
ford, had an interesting life. Born in 1753 in Massachusetts 
in what is now the U.S.A., Thompson had little in the 
way of formal education. In the American War of 
Independence he came to Britain, and eventually became 
Under-Secretary of State in the Ministry for the Colonies. 
It was about this time that he began his experiments 
concerning heat. In 1779 he was elected to a fellowship 
of the Royal Society. Three years later he was knighted 
by King George ITI. 

After the end of the war Thompson went to Bavaria, 
Germany, and became Minister of War, helping to 
reorganize the army there. He made such an impression 
on the Bavarian authorities that he was given the title 
of Count Rumford. 

Later he returned to England, where he helped to 
found the Royal Institution (1799). After this he went to 
live in France, and married the widow of the famous 
chemist Antoine Lavoisier. In 1814 Rumford died at 
Auteuil, at the age of sixty-one. 

The scientist published his investigations into heat in 
1798, in a paper read to the Royal Society. He had been 
astonished at the amount of heat generated when army 
cannon were bored, and submitted the process to experi- 
ment. If heat were actually a substance, as many scientists 
of that time believed, it was difficult to see how so much 
of it could be produced during the boring of a metal 
cannon. It might be argued that the heat had been 
stored in the solid block of metal all the time, and was 


The cannon-boring machine adapt- 
ed by Count Rumford for his heat 
experiments. The friction as the 
blunted borer cut into the metal 
produced enough heat to make the 
water boil. Mechanical energy was_ge 
being converted into heat energy ¢f 


released when the block was broken down into filings. 
But Rumford showed that the amount of heat was not 
related to the quantity of filings produced. The amount 
of heat—but not the quantity of filings—was greater when 
a blunt borer was used. In one spectacular experiment 
Rumford had the barrel of the cannon bored under 
water, using horses to move the cannon round. To the 
amazement of the spectators, the water was made to 
boil, and continued to do so as long as the machining of 
the metal carried on. The main conclusion reached by 
Rumford was that heat could not in fact be a material 
substance, but was the result of the mechanical energy 
consumed during the boring operation. The idea, held 
even by such eminent men as Lavoisier, that heat might 
be chemical element could no longer be accepted. 


PHYSIOLOGY 


Vertebrate NERVOUS SYSTEMS 


N vertebrates, as in molluscs such as 

the octopus and in arthropods, 
nervous tissue is concentrated at the 
anterior (front) end of the body, form- 
ing the brain. The vertebrate nervous 
system is characterised by this well 
marked centralisation and by the 
presence of large amounts of nerve 
tissue, by the actions of which the 
typical vertebrate behaviour patterns 
are controlled. While some parts of 
the brain are concerned with receiv- 
ing signals from receptor organs, such as 
eyes and ears, and with sending 
signals to effector organs (muscles or 
glands), other parts are not directly 
concerned with receiving or sending 
signals and are not linked with any 
particular region of the body. These 
areas of the brain can over-rule the 
rest of the nervous system and so 
regulate the actions of the animal. 
In other words, these regions are 
responsible for the “intelligence” of 
the animal, for its awareness of its 
surroundings and for the powers of 
learning. As one would expect, these 
association centres are more highly 
developed in mammals than in any 
other animals, and especially so in the 
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apes and man. 

The central nervous system (consisting 
of the brain and spinal cord) is 
hollow and situated above (dorsal to) 
the gut. This contrasts with the solid 
ventral nerve cord of the inverte- 
brates. The vertebrate nerve cord and 
brain contain a liquid — the cerebro- 
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spinal fluid — which itself contains 
mineral salts and traces of protein and 
sugar. The fluid helps to support the 
nervous tissue and probably plays 
some part in its nutrition. 

The basic vertebrate pattern is 
shown by the lampreys and hagfishes 
which are the most primitive living 
vertebrates. The nerve fibres in these 
animals, however, are not covered by 
the fatty insulating sheath (the myelin 
sheath) which is found in all higher 
vertebrates. This means that nervous 
conduction is slow and the complex 
nervous connections found in higher 
forms are impossible in these early 
vertebrates. 

The front part of the brain is con- 
cerned with smell — the olfactory sense. 
Nerves from the olfactory organ run 
into the thickened walls of the brain 
which are enlarged to form the 
olfactory lobes or cerebral hemispheres. 
Smell appears to be the only function 
of this region in lampreys. Behind the 
hemispheres is the between-brain or 
thalamus which completes the fore- 
brain. The thalamus receives a few 
sensory nerves and carries the pituitary 
body (an important gland) on its under 
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Nerves pass from the mid-brain region 
to the motor nerves of the spinal cord 
and it is through these that the 
animal is able to act upon the signals 
it receives from the eyes. This system 
can therefore be termed an elemen- 
tary association centre or centre of 
intelligence. 

The hind-brain consists of the cere- 
bellum and the medulla oblongata. The 
former is concerned with the regula- 
tion of balance and movement and is 
not well developed in lampreys which 
spend much of their time attached 
to rocks or to fish by means of the 
large sucker (oral sucker) round the 
mouth. The medulla oblongata passes 
directly into the spinal cord. It is 
concerned with the senses of taste and 
hearing and also with control of the 
pumping movements of the gills. The 
pressure sensing system of the lateral 
line also has its centre in the medulla. 
The large size of the medulla in 
lampreys is due to the importance of 
the oral sucker. They are connected 
by a large nerve. Taste and hearing 
are not well developed. The roof of 
the brain is well supplied with blood 
vessels (choroid plexus). 
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Vertebrate brains viewed from above. Brains are arranged so that the fore-brain/mid- 
brain junction lies on the red line. The fore-brain is coloured yellow, with red and green 
representing the mid- and hind-brains respectively. 


surface. The pineal eye arises on the 
dorsal side and reaches to the surface 
of the head. It is sensitive to light in 
the lamprey but much reduced in 
higher vertebrates. 

The mid-brain, behind the thalamus, 
deals with the sense of sight. Its walls 
are expanded to form the optic lobes. 


The spinal cord is uniformly grey 
in colour with the nerve cell bodies 
lying close to the central canal. Con- 
nections with other cells are made 
around the outside of this ‘“‘grey 
matter’? in what corresponds to the 
“white matter” of higher vertebrates. 
The roots of the spinal nerves (see 
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The Reflex Arc 


When a sense organ (receptor) is stimulated 
signals pass from it along a sensory nerve to 
the spinal cord. The message travels out of 
the spinal cord along a motor nerve to the 
effector organ (e.g. a muscle or gland) which 
acts accordingly. Such a pathway is termed a 
reflex arc. The sensory nerve fibres of a spinal 
nerve do not enter the spinal cord at the same 
place as the motor nerve fibres of the same 
nerve leave the spinal cord. Sensory fibres 
enter the dorsal part of the spinal cord while 
motor fibres leave the ventral part. Sensory 


fibres are said to have dorsal roots and motor 
fibres have ventral roots. The cell bodies of 
sensory nerves are outside the spinal cord 
forming a swollen mass called a dorsal root 


ganglion. 
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The section of the spinal cord and nerve shows the path of nerve impulses following the reflex arc. 


The brains of the horse and man are viewed from above and slightly from behind. This, 
together with the ghosting of parts underneath the cerebral hemispheres, shows the positions 
and proportions of the fore-, mid-, and hind-brains. Note the backward extension of the 


hemispheres in man. 
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diagram) do not join just outside the 
spinal cord as they do in other verte- 
brates. These spinal nerves extend as 
the peripheral nervous system (the net- 
work of nerves spreading throughout 
the body). The peripheral system acts 
in much the same way as that of the 
invertebrates, sending and receiving 
impulses (signals) to and from the 
central nervous system. 

As the nervous systems of other 
vertebrates are examined it will be 
seen that the relative sizes of the main 
centres vary according to the habits 
of the animal and the senses on which 
it relies most. The association centre 
which was seen beginning in the mid- 
brain of the lamprey, develops further 
in the higher vertebrates until in man 
are found the complex patterns of 
learning, reasoning and memory. 


The diagram shows the basic similarity of 
the peripheral nervous system of man and 


the frog. 


The cerebral hemispheres of fishes 
are still concerned almost entirely 
with the sense of smell. The floor of 
this region is developed but the roof 
remains thin and has no nerves. The 
floor receives nerves from the olfactory 
organs and in the sharks, which rely 
on smell for hunting their food, the 
cerebral hemispheres are large. In the 
salmon (and most other bony fishes), 
which relies on sight for getting its 
food, the cerebral hemispheres are 
dwarfed by the large optic lobes. The 
mid-brain receives nerves from organs 
and regions other than the eyes and is 
able to ‘add up’ the signals received 
and act accordingly. There is there- 
fore a more highly organised associa- 
tion centre here. Fish are, on the 
whole, active animals and the cere- 
bellum is enlarged in order that it can 
efficiently control the movement and 
balance of the animal. The medulla 
is not generally a significant region 
but, in fish like the carp which find 
food by taste, the gustatory (taste) 
region is enlarged to very nearly the 
size of the optic lobes. 

The amphibian brain does not 
differ widely from the typical fish 
brain except that the cerebral hemi- 
spheres are ‘roofed over’ with nervous 
tissue. The sense of smell is still the 
main function of this region although 
a number of nerves from other sensory 
systems (e.g. sight) enter the hind 
part of the hemispheres. There are 
also some connections between the 
hemispheres and the motor system of 
the spinal cord, thus it can be seen 
that the fore-brain is growing in 
importance. The mid-brain, however, 
is still the most important region in 
the amphibians. Apart from the sense 
of sight, it deals with nerve signals 
from most other regions of the body 
and sends signals to other parts of 
the brain and the spinal cord. The 
behaviour of an amphibian is thus 
dominated by the centres of the mid- 
brain. 

Modern reptiles show a_ great 
development of the basal parts of the 
fore-brain. There are large numbers 
of nervous connections between the 
thalamus and the hemispheres. The 
latter are larger than the optic lobes, 
showing the increased importance of 
the former. The walls of the thalamus 


are very thick and many of the optic 
nerve paths end there as well as many 
in the mid-brain. The brain in birds 
is similar to that of reptiles except 
that the olfactory part of the fore- 
brain is very small; smell is un- 
important in birds. The cerebral 
hemispheres are relatively larger and 
the whole brain is rather bunched up 
from front to back but the general 
pattern is clear. The mid-brain and 
optic lobes are still well developed 
and have many nervous connections 
with the cerebral hemisphere and the 
motor systems since sight plays a very 
important part in the life of birds. As 
is to be expected, the cerebellum is 
highly developed to control the bal- 
ance and position of the bird when 
flying. Much of this development has 
undoubtedly been made possible by 
the constant high temperature main- 
tained by the birds. The same can be 
said for mammals. The mammalian 
brain is completely dominated by the 
cerebral hemispheres. The roof has 
developed enormously and _ spread 
out forming the cerebral cortex which 
in man is thrown into a number of 
elaborate folds and almost covers the 
rest of the brain. The cortex is made — 
up of millions of cells. The more 
folded the surface, the more cells it 
can contain. These cells make up the 
‘grey matter’. Their axons, which 
make up the tracts or pathways in the 
brain, form the ‘white matter’ under- 
neath the cortex. The ‘white matter’ of 
the spinal cord is also made up of 
nerve axons, surrounding the central 
‘grey matter’. 

Most of the nervous functions in — 
the mammal are taken over by the 
cerebral cortex. The cerebellum re- 
mains large and active, however, and 
the thalamus is enlarged for that is 
where the nerves of the sensory and 
motor systems link up and pass to and 
from the cortex where the messages 
are ‘sorted out’, ‘stored’ (i.e. remem- 
bered) and acted upon when neces- 
sary. The behaviour, both learned 
and instinctive of mammals, is con- 
trolled by the cortex. Each region of 
the latter controls certain aspects of — 
behaviour such as sight, memory, 
speech in man, etc. Removal of any 
part of the cortex may produce definite 
changes in character or behaviour. 


MINERALOGY 


[HE progress of civilisation may be 

measured by man’s increasing know- 
ledge of metals and the minerals from 
which they are derived. The discovery of 
bronze (an alloy of copper and tin) and 
iron wrought such far-reaching changes in 
the lives of the people of that time that 
historians have seen fit to divide early 
history into the Stone, Bronze and Iron 
Ages. 


Tapping an open-hearth furnace. 


The metal which has probably 
played the most useful role in history 
in one form or another is iron. Most 
of the iron produced nowadays is in 
ferro-alloy form. Steel itself is an 
alloy of iron and carbon (with be- 
tween o-1 and 1:6% of the latter). 
But many types of steels are made 
to suit many different purposes by 
adding small quantities of other 
metals such as tungsten, cobalt, nickel, 
molybdenum, vanadium, chromium 
and manganese. The minerals of 
these metals are grouped together 
here under the heading ‘Ferro-alloy 
Minerals’. 


IRON PYRITES 


LIMONITE. 


The most important ore of iron is haematite 
(an oxide of iron). In the common massive form, 
haematite is reddish-brown but the brilliant 
crystals (hexagonal rhombohedral) are black. 
A distinguishing feature of this mineral is its 
cherry-red streak (the colour when powdered). 
When in fine, shiny crystals haematite is called 
specularite, when in thin scales, micaceous 
haematite, and when in large kidney-shaped 
masses, kidney ore (hardness or H. | to 6 on 
Mohs scale; specific gravity or Sp. Gr. 5). Mag- 
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netite (also an oxide of iron), another important 
ore, is the only mineral which is strongly 
attracted to a magnet. One variety, lodestone, 
is itself a natural magnet. Magnetite occurs as 
iron-black crystals (isometric), as grains or in 
massive form. (H. 6; Sp. Gr. 5-2). 

Less important ores of iron include limonite 
(hydrated oxide of iron) and siderite (iron car- 
bonate). Limonite, an amorphous mineral (i.e. 
non-crystalline), is usually soft and earthy 
(yellow ochre), but also occurs in hard rounded 
masses (botryoidal). (H. | to 5-5; Sp. Gr. 3-5). 
Siderite, ranging from yellow to dark brown in 
colour, has a white streak and a pearly lustre. 
(H. 4; Sp. Gr. 3-8). The name is also applied to 
meteoric iron. Naturally occurring siderite is 
also called chalybite or spathic iron. Iron does 
occur as the native metal, but very rarely. 

Pyrite, iron pyrites, or ‘Fool’s gold’ (a 
sulphide of iron) is a hard brassy-yellow mineral 
which occurs as crystals (isometric, but in many 
forms), grains, or massive. It can be distin- 
guished from gold by its greenish-black streak 
and greater hardness. (H. 6; Sp. Gr. 5). Strange- 
ly enough, pyrite does sometimes contain 
enough gold,to make it a worthwhile ore. It 
is also used in the manufacture of sulphuric 
acid and, occasionally, as a source of iron. 
Marcasite (identical in composition to pyrite), 
sometimes called white pyrites, differs from 
pyrite in colour (pale yellow), tenacity (more 
brittle) and crystal form (orthorhombic). 
(H. 6; Sp. Gr. 4-8). 


Diagram of a blast furnace. 


The principal use of tungsten is in 
the manufacture of steel for high 
speed cutting tools (tungsten has the 
highest melting point of all metals). 
Another important use is in the manu- 
facture of filaments for light bulbs, 
radio valves, etc. Tungsten carbide, 
an alloy only recently developed, is 
widely used in the manufacture of 
jet engines and super hard, long 
lasting, high speed cutting tools. 
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The chief sources of tungsten are scheelite 
(calcium tungstate) and wolframite (a tungstate 
of iron and manganese). Scheelite, a glassy, 
usually colourless mineral, fluoresces blue 
under short-wave ultra-violet light. It occurs 
in massive form or in tetragonal crystals (usu- 
ally double pyramids). (H. 5; Sp. Gr. 6). 
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Some of the uses of tungsten. 


Wolframite often occursas grains or monoclinic 
crystals (tabular or prismatic). It is brownish- 
black in colour, heavy and brittle. (H. 5-5; Sp. 
Gr. 7-5). A less important ore is huebnerite (a 
tungstate of manganese) which occurs in 
massive form or as monoclinic crystals. It is 
brownish-black in colour with a brownish- 
yellow streak. (H. 5-5; Sp. Gr. 7). 
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The principal use of cobalt is in 
the manufacture of rustless alloys, 
alloys capable of withstanding high 
temperatures, and remarkably per- 
manent magnets. 
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Most of the world’s cobalt is obtained as a 
by-product from ores which are worked chiefly 
for the other metals they contain. Hence most 
comes from the copper mines of Katanga and 
Northern Rhodesia. Formerly, the chief source 
of this metal were the minerals cobaltite (sul- 
phide and arsenide of cobalt) and smaltite (cobalt 
diarsenide). Cobaltite crystallizes in the 
isometric system but usually occurs in massive 
form. It is brittle, and silver in colour. (H. 5-5; 
Sp. Gr. 6-3). Smaltite resembles arsenopyrite 
(an ore of arsenic) in many ways and chemical 
tests are needed to distinguish between them. 
Cobalt bloom (erythrite) a beautiful, peach-red 
mineral is formed by the weathering of cobalt 
ores. 
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BLAST FURNACE 


Two very important uses of chrom- 
ium are in the manufacture of stain- 
less steels and various alloys and to 
provide a shiny, non-tarnish coating 
on less presentable metals, such as 
iron. 
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CHROMITE 


Chromium is essentially a one-ore metal. 
Chromite (an oxide of iron and chromium) is a 
brownish-black, brittle mineral, associated with 
ultra-basic rocks (very heavy igneous rocks). 
Crystals (isometric) are rare, chromite usually 
being massive and granular (H. 5-5; Sp. Gr. 4:5). 


One of the best-known roles of chromium 
is to provide metallic articles with a shiny, 
non-tarnish finish. 
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More than half of the nickel 
produced is used in the steel industry, 
particularly in the production of 
stainless steels. Steel containing 25 to 
32% nickel has a high electrical 
resistance and is thus widely used for 
the elements of electric fires, cookers, 
etc. With a 36% nickel content, steel 
becomes ‘invar’ the alloy which ex- 
pands and contracts very little with 
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temperature changes and is used for 
extremely accurate measuring tapes. 
Permalloy and alnico, both nickel 
alloys, are used in making permanent 
magnets. British ‘silver’ coins are 
actually made from cupro-nickel, 
which is three-quarters copper and 
one-quarter nickel. 


FIBROUS 
MILLERITE 


The chief ore of nickel is pentlandite (a 
sulphide of iron and nickel) which usually 
occurs with pyrrhotite (iron sulphide) from 
which. it is very difficult to distinguish. Pent- 
landite is bronze in colour and crystallizes in 
the isometric system, though it usually occurs 
in massive form (H. 3-5 to 4; Sp. Gr. 4-6). 
Minor nickel ores are niccolite (nickel arsenide) 
and millerite, or nickel pyrites (nickel sul- 
phide). Niccolite is commonly massive and 
copper-red in colour with a dark brown streak. 
(H. 5-5; Sp. Gr. 7-5). Millerite sometimes occurs 
as brassy-yellow slender crystals. 
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’ 3 a 
Rails and points are made of steel toughened 
by manganese. 


Manganese is important in the 
actual process of smelting steel where 
it acts as a cleanser. It is also exten- 
sively used to toughen steel for rails, 
machinery, armour plate, etc. 
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Most of the world production of manganese 
comes from two black minerals, pyrolusite 
(manganese dioxide) and psilomelane (an 
impure hydrated oxide of manganese). Pyro- 
lusite may be soft and earthy, granular, fibrous 
or crystalline. The little gleaming black indi- 
vidual crystals are very rare. (H. | to 6 accord- 
ing to form; Sp. Gr. 5). Psilomelane occurs in a 
number of forms (massive, botryoidal, stalac- 
titic) though crystals are unknown. It may be 
distinguished from pyrolusite by its greater 
hardness. (H. 5 to 6; Sp. Gr. 4-2). Minor ores 
are manganite (hydrated oxide of manganese) 
and rhodochrosite (carbonate of manganese). 
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Steels containing molybdenum are used in 
many different fields. 


Molybdenum is a metal widely 
used in the manufacture of tool steels. 
It is also of considerable importance 
in the manufacture of special steels 
used in aircraft and automobiles. 


WULFENITE CRYSTALS 


Molybdenum is obtained from two minerals, 
molybdenite (molybdenum sulphide), which is 
by far the most important, and wulfenite (lead 
molybdate). Molybdenite is a very soft, lead- 


grey, brilliant mineral with a greasy feel. It 

occurs as flecks or tabular crystals (hexagonal). 

(H. | to 1-5; Sp. Gr. 4-7). Wulfenite is often 

found as yellow or orange tetragonal crystals 

age prismatic, or double pyramids). (H. 3; 
p. Gr. 6-7), 
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Vanadium is a metal which is used 
almost exclusively in the steel indus- 
try, for special alloy steels, for loco- 
motive and automobile forgings, axles, 
driving shafts, etc. Spring steels con- 
tain a very small percentage of 
vanadium. 


CARNOTITE 


The most important vanadium minerals are 
carnotite (a hydrous vanadate of potassium and 
uranium), descloizite (a hydrous vanadate of 
lead, copper and zinc) and vanadinite (a chloride 
and vanadate of lead). Carnotite, remarkable 
for its canary-yellow colour, usually forms 
earthy masses and is radioactive. (H. |; Sp. 
Gr. 4-1). Descloizite crystallizes in the ortho- 
rhombic system (the crystals are usually double 
pyramids) and also occurs in massive form. The 
colour is usually dark brown but the streak 
reddish-orange. Vanadinite is an attractive 
mineral, ranging from ruby-red to yellow and 
brown in colour. It usually occurs as hexagonal, 
prismatic crystals. (H. 3; Sp. Gr. 7). 


Almost the entire production of vanadium 
is used in special alloy steels. 
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HEN a reel of film is removed 

from a camera it has nearly 
always to be turned into a negative 
before photographs can be made from 
it. This process is known as developing 
the film. 

The film itself is sensitive to light. 
It consists of very fine particles of 
certain silver compounds which are 
themselves sensitive to light, spread 
out within a film of gelatin. These 
compounds are halides (see p. 171, 
Issue No. 11) of silver (i.e. chlorides, 
bromides or iodides). Although a 
mixture of halides is used, the main 
constituent is silver bromide. 

When the photograph is being 
taken, light which is reflected from 
the object falls upon the film and 
causes a chemical reaction to take 
place. It is the energy from the light 
that causes this chemical reaction. 
The silver bromide is split up so that 
small particles of silver are left in the 
film in place of the original com- 
pound. Most molecules do not actu- 
ally split up, but just become more 
ready to do so. Little light comes 
from the dark parts of the object and 
therefore the film is relatively un- 
affected by this. A chemical image has 
been made on the film, but it is by no 
means permanent, for even a brief 
exposure to the light will blacken the 
film and destroy the image. So when 
a photograph has been taken, only a 
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very little silver is actually deposited 
where the light has hit the film. These 
parts must be thoroughly blackened 
by the silver deposits so that the 
picture can be seen with black parts 
contrasting with transparent parts. 
If the film were exposed for an hour 
or more, sufficient silver might be 
deposited, but of course this would 
be very inconvenient. So instead of 
relying on the action of light, the 
small silver deposits are intensified or 
developed chemically. 

The developer continues the work 
of the light on the film by completing 
the splitting of the silver bromide in 
the affected areas into silver and 
bromine. The bromine reacts to form 
compounds. The silver is left as very 
small particles on the film. Although 
silver is normally a shiny metal, in 
this case it seems black because its 
particles are so small. 

To develop a film 

The film must be removed from 
its backing or casing in the complete 
darkness. If there is no darkroom 
available, this can be done in a light- 
tight bag which somewhat resembles 
a muff. In the home it is best to use 
a daylight developing tank so that as 
soon as the film is safely inside, it is 
no longer necessary to work in the 
darkness. The film is loaded onto 
the film holder of the tank. It is loaded 
in such a way that the film forms a 


spiral around the centre with no two 
surfaces touching. The holder is 
placed in the dry tank and the lid 
screwed firmly on. 

Developer is sold in bottles which 
are supplied with instructions. The 
developer has to be diluted with 
water since it is sold in concentrated 
form. A thermometer is needed at 
this stage because the time the film 
takes to be developed depends upon 
the temperature. The higher the 
temperature the quicker the film is 
developed. The instructions will tell 
how long to develop the film for a 
certain concentration at a certain 
temperature. The timing must be — 
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(1) Photograph being taken. (2) The 
film ts stripped from its backing or cassette 
and loaded into the developing tank in 
complete darkness. 


The chemistry of developing. The impor- 
tance of this reaction is that silver bromide 
is reduced to silver. 
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Room equipped for develop- 
ing films. 
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particularly accurate at higher temp- 
eratures because the developing takes 
place so quickly. The tank is filled 
with developer and the film spun 
round from time to time. Care must be 
taken not to over-develop as the silver 
particles then become too coarse. 
The bromide on which no light 
fell when the photograph was taken 
remains unblackened and unaffected 
by the developer. As it is still sensi- 
tive to light and capable of blackening 
on exposure, it must be removed 
from the film. This stage is known 
as fixing. But fixer and developer 
“disagree”? with each other, so first 
the developer must be poured out 
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(most developers can be used again) 
and then the film washed with a stop 
bath. This has the effect of stopping 
the developing stage. Plain water 
can be used for this but a 2°% solution 
of acetic acid is better. The film is 
rotated and left in the stop bath for 
a few minutes before the liquid is 
poured away. A solution of fixer is 
made up by dissolving the crystals in 
water to a particular concentration. 
This is poured into the tank, then 
the film is rotated and left to stand 
for a few minutes during which time 
the undeveloped silver bromide is 
dissolved. The fixer then is poured 
out (it also can be used again). The 
tank is now opened and the negative 
removed to be thoroughly washed in 
clean running water. Care must be 
taken to hold the film only at the 
edges as the gelatin is by now very 
soft and can be easily damaged. 

After washing, the film is suspended 
from one end so that it can dry. This 
is helped by wiping the film carefully 
with a clean viscose sponge. At this 
stage there is danger of dust settling 
on the film and becoming embedded 
in the gelatin. If the room is clean, 
however, this should present no 
problem. 


The chemicals involved 

The chief constituent of the devel- 
oper is hydroquinone. It is a reducing 
agent and its function is to reduce the 
silver bromide to silver. If hydro- 
quinone is kept in solution it will 
lose its power as it readily combines 
with atmospheric oxygen. So to pre- 
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vent it from doing this, sodium 
sulphate is added. Atmospheric oxy- 
gen is then absorbed by the sodium 
sulphate instead. The developing 
reaction is best suited to an alkaline 
medium, so either sodium carbonate 
or sodium hydroxide are used to 
make the solution alkaline. If the 
solution is too alkaline, the hydro- 
quinone has the tendency to react 
too quickly. It tends to be too active 
and make a fog on the film by split- 
ting up too much silver bromide. 
Potassium bromide is added to 
restrain this reaction. 

A satisfactory all-round developer 
can be made by dissolving the follow- 
ing chemicals in water in the order 
given, 3 grams of metol (it has a 
similar action to hydroquinone), 150 
grams of crystalline sodium sulphite, 12 
grams of hydroquinone 200 grams of 
sodium carbonate crystals 1 gram of 
potassium bromide and sufficient water 
to make it all up to a litre (1,000 c.c.). 
This solution should be further diluted 
by adding 1 part of developer to 5 
parts of water. At this dilution, 
developing takes from 5-7 minutes 
according to the temperature. The 
most satisfactory temperatures are 
from 18°C to 20°C. 

The stop bath is a 2% solution of 
acetic acid. (Vinegar is an impure 
dilute solution of acetic acid). 

Acid fixing bath. Mix into 1 litre of 
water 250 grams of hypo (sodium 
thiosulphate) crystals and 20 grams 
of sodium bisulphite. Stir until they 
dissolve. 
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(5) 
(3) The tank is filled with developer solution. The developing time depends upon the temperature and the strength of the solution. (4) The 
developer is poured out and stored so that it can be used again. (5) The film is washed in a 2% solution of acetic acid “stop bath’ to 
remove any developer. (6) The film is treated with fixing solution which removes any undeveloped silver bromide. (7) The film is thoroughly 
washed in running water. (8) After washing, the film 1s hung up to dry. Gently sponging down with clean viscose sponges aids the drying. 
HYDROQUINONE 
SULPHATE 


The chemistry of fixing. The undeveloped silver bromide is removed from the film. 
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HE element phosphorus exists in 

several different forms (allotropes) 
—white (or yellow) phosphorus is 
highly inflammable and poisonous, 
while red phosphorus is not poison- 
ous and only burns when heated. 
Although these two allotropes have 
such different physical properties, 
the compounds formed from them 
are identical. Thus phosphorus pent- 
oxide may be obtained by burning 
either the white or the red form in 
air. 

The phosphoric acids which are 
obtained when phosphorus pentoxide 
reacts with water, give rise to several 
series of salts—the phosphates. The 
latter provide an important store- 
house of energy in plant and animal 
cells; a large portion of the phos- 
phorus produced today is used in the 
manufacture of phosphate fertilizers. 
Red phosphorus (the element) is also 
used in making matches. 

Phosphorus is such a reactive ele- 
ment that it is only found in a com- 
bined state in nature. The principal 
commercial source is phosphate rock 
or fluorapatite, 3Ca,(PO,)..CaF,, 
also chlorapatite 3Ca,(PO,)..CaCl,. 
Bone-ash, which is obtained by roast- 
ing bones, was formerly used as a 
source of phosphorus: bone-ash con- 
tains about 80% calcium phosphate. 

The modern method of manu- 
facturing phosphorus is to heat phos- 
phate rock with a mixture of sand 
(or quartz) and coke in an electric 
furnace to a temperature of 1500°C. 
The extraction of the phosphorus 
from the calcium phosphate in the 
phosphate rock takes place in two 
stages. In the first phosphorus pent- 
oxide vapour and calcium silicate are 
formed by a reaction between the 
calcium phosphate and silica (sand). 
The calcium silicate forms a molten 
slag which can periodically be with- 
drawn from the base of the furnace. 
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In a second reaction carbon (coke) 
reacts with the phosphorus pent- 
oxide vapour—carbon monoxide and 
phosphorous vapour are formed (Car- 
bon acts as a reducing agent and is 
itself oxidised to carbon monoxide). 
The phosphorous vapour together with 
the carbon monoxide rise out of the 
top of the furnace, and any dust 
particles in the furnace gases are 
removed. The dust-free gases then 
enter a series of condensers. The 
phosphorous vapour is condensed 
(turned to liquid) by spraying with 
warm water—the liquid phosphorus 
is stored under water. 

The furnace which has fire-brick 
walls and a carbon hearth, is heated 
by the electric arcs which are struck 
between the three electrodes sus- 
pended from the roof of the furnace. 
In this process the electric current is 
being used as a source of heat: the 
same series of chemical reaction were 
formerly carried out in the older 
blast furnace process in which the 
heat needed for the reactions was 
obtained by burning some of the 
coke with the aid of a blast of air. 

These methods of preparation all 


yield the poisonous white allotrope. 
If red phosphorus is required, this 
can be obtained by heating the white 
variety for several days at a tempera- 
ture of 270°C. On account of the 
risk of explosion, the heating has — 
to be carried out with great care. 
The white allotrope is placed in a 
cast iron or steel pot with a close- 
fitting lid which incorporates a safety 
pipe. Air is excluded from the pot. 
After four or five days, the tempera- 
ture of the pot is raised to 400°C 
in order that unchanged white phos- 
phorus may be distilled off. After 
cooling, the hard red cake left in the 
pot is ground under water and then 
boiled with caustic soda to remove 
any residual white phosphorus. The 
red allotrope is finally washed with 
hot water, filtered and dried under 
vacuum. 

White phosphorus, an almost trans- 
parent wax-like solid, burns so readily 
that it is usually stored under water 
in which it does not dissolve. Further- 
more, the warmth of the hand is 
sufficient to set this allotrope alight. 
For this reason it should always be 
handled with forceps and never with 
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bare fingers. White phosphorus is 
soluble in carbon disulphide. If a 
sheet of filter paper (or blotting 
paper) is soaked in such a solution 
and the solvent (carbon disulphide) 
allowed to evaporate, the very small 
phosphorous particles deposited on 
the paper oxidize so rapidly that the 
paper bursts into flame by itself. 
White phosphorus reacts with a hot 
concentrated solution of sodium 
hydroxide (caustic soda) and poison- 
ous phosphine gas is formed. 

By contrast red phosphorus is much 
less reactive than the white form. 
The red allotrope has to be heated in 
air to a temperature of 260°C before 
it will burn. The product of the 
combustion is the same compound— 
phosphorus pentoxide—as is obtained 
when white phosphorus burns in air. 
The red variety is not soluble in 
carbon disulphide, neither does it 
react with hot concentrated solutions 
of sodium hydroxide. 

In the solid state the atoms of 
phosphorus in the white allotrope 
are arranged in triangular pyramids. 
There are four atoms in each mole- 
cule one situated at each corner of 
the pyramid—and each atom in the 
molecule is joined to the other three 
by single bonds. However, the struc- 
ture of the red form is rather more 
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Applying the striking surfaces, which 
contain red phosphorus, to the sides of 
safety match boxes. 


complicated. Each phosphorous atom 
is still linked to three neighbouring 
atoms by single bonds. Instead of the 
atoms being grouped together in 
small units, they are arranged in a 
much larger mass. The contrasting 
properties of the two allotropes may 
be attributed to their different 
structures. 

The two important oxides of phos- 
phorus are phosphorus trioxide and 
phosphorus pentoxide. Both are 
obtained when phosphorus is burned 
in air—if the supply of air is restricted 
the trioxide is formed, while if there 
is an excess of air the pentoxide is 
obtained. Phosphorus trioxide is a 
crystalline solid which melts at 
22°5°C. If exposed in the air it slowly 
oxidizes to the pentoxide. The pent- 
oxide is a white solid which absorbs 
moisture from the air very easily, 
and for this reason it is used for 
drying gases. 

Metaphosphoric acid (HPO,) is 
obtained when phosphorus pentoxide 
absorbs moisture from the air, while 
if the same oxide is added to water 
and boiled, orthophosphoric acid 
(H,PO,) is formed. Both these acids 
give rise to series of salts known 
respectively as metaphosphates and 
orthophosphates. Phosphorus trioxide 
also reacts with water to form an 
acid—phosphorous acid (H,PO,). 

About 90% of the United Kingdom 
output of phosphorus is used in the 
manufacture of orthophosphoric acid. 
The conversion is carried out in two 
stages—the phosphorus is burned in 
air to obtain phosphorus pentoxide 
which then reacts with water. Much 
of the acid is, in turn, converted to 
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One of the most im- 
portant single uses of phosphates is 
in the super-phosphate fertilizers. 

Phosphates are important in plant 
and animal cells since energy is 
stored in them and is released in 
reactions with these compounds. This 
stored energy is available to assist in 
the chemical processes going on 
within the living cells. Calcium phos- 
phate is an important constituent of 
bones and teeth. 

White phosphorus was formerly 
much used in matches. However, on 
account of its poisonous nature the 
manufacture of matches containing 
the white allotrope has long been 
forbidden by law. Red phosphorus 
has taken its place It is incorporated 
in the striking surface on the sides 
of boxes of safety matches. The heads 
of these matches contain a mixture of 
potassium chlorate (an oxidizing 
agent) and sulphur. They also con- 
tain other materials to control the 
chemical reaction which takes place 
once the match has been struck. 


ELECTRONICS 


THE ANODE BEND DETECTOR 


HE diode detector described on 
page 369 is not the only device 
which can be used to detect a radio 
wave (i.e. remove the high frequency 
carrier part to allow only the audio 
frequency component to pass). An- 
other way of detecting the wave is to 
use an anode bend detector. The device 
has the advantage of amplifying the 
audio frequency signal at the same 
time as detecting it. Because of this 
extra amplification property it was fre- 
quently used in radio sets but it does 
not detect as well as a diode, so, today, 
when the amplification stages of a 
radio can be made very efficient the 
extra amplification is not usually 
needed and the diode detector is more 
often used in modern wireless sets. 


THE ANODE BEND DETECTOR CIRCUIT 


The anode bend detector consists 
simply of a triode valve with a 
smoothing circuit attached to the 
output. The circuit diagram is a 
reminder of the circuit diagram for 
the audio frequency amplifier —it is 
similar with a smoothing circuit 
added. However, in the anode bend 
detector the grid is given an extra 
negative bias (i.e. when no oscillation 
is flowing the grid has a steady 
extra negative potential). 


The triode characteristic which shows how 
the anode voltage varies with the grid 
voltage. 
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The modulated wave consists of a 
“carrier” wave of fixed frequency in which 
each cycle has a different strength reflecting 
in successive cycles the pattern of the audio 
frequencies. It is easiest to see how this 
arrangement detects the modulated wave 
applied to the input by considering a triode 
characteristic. A characteristic is the name 
given to a graph which shows how one of the 
input or output currents or voltages changes 
when one of the others is varied. 

We have already met the characteristic of 
the diode valve on page 253 where the graph 
shows how the anode current of the diode 
varies with the anode voltage. 

The characteristic which will show 
most clearly how this'detector works is the 
anode voltage—grid voltage characteristic 
shown in the diagram. The meaning of any 
point, say A, on the characteristic is that 
when the grid voltage Vg has the value —4 
volts then the anode voltage is 50 volts if the 
grid current is kept constant. The important 
things to notice about the curve are that 
below the point A the line is curved while 
above it the line is quite straight and this is 
known as the proportional region since here the 
anode voltage is proportional to grid voltage. 

Firstly this graph explains why a triode 
valve amplifies. For amplification the 
grid is biassed so that the input wave is always 
in the proportional region. Imagine that a 
voltage oscillation is applied to the grid of the 
triode, then from the characteristic, can be 
worked out what the output wave will be; 
point a on the input is equivalent to point 
a’ on the output, point b equivalent to 
point b’ etc., and that the output wave has 
the same shape and frequency as the input but 
that it is larger. Producing a larger wave of 


Secondly what will happen when the grid 
is given a bigger negative bias? Then the 
input will be partly on the curved part of the 
characteristic, and tracing how an oscillation 
will now be affected by the triode, it can be 
seen that the output has a strange shape, 
one side of the waves being amplified and the 
other made smaller although the frequency 
of the output wave is the same as that of the 
input. 

Lastly, what does the triode biassed in this 
way do to a modulated wave fed into the 
input? The shape of the output can again 
be worked out from the characteristic. It 
can be seen that the wave is altered so that the 
positive part of the wave is a lot greater than 
the negative, i.e. considering electrons mov- | 
ing in the circuit the “pulls” are greater © 
than the “pushes”. (The article on the diode © 
detector issue No. 24 p. 369 explained that | 
this is all that is needed of the valve part of 
the detector. When the wave is passed © 
through the smoothing circuit, the ‘‘pushes”’ 
do not exactly fill up the “pulls” and so the 
wave cannot cancel itself out.) 

Now that the wave can no longer destroy 
itself, it is passed through the smoothing 
circuit and the carrier wave removed. 
Consequently only the audio frequency 
appears at the output from the smoothing 
circuit. 

It was mentioned at the beginning that 
the anode bend detector is not as good as 
the diode detector. This is because the triode 
cuts off only part of each “‘push”’ instead of 
the whole as the diode does. Hence the wave 
from the triode does cancel itself partly when 
it is passed through the smoothing circuit 
and this loss cannot be regained as it can in © 
the diode detector by using a full wave 
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If the grid is made more 
negative so that the 
oscillation on the grid 
falls on to the curved 
part (the anode bend) 
then part of the wave is 
amplified and part made 


NON-LINEAR 
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ELECTRICITY 


THE AUTOMATIC TELEPHONE EXCHANGE 


EVERY telephone is connected to a pair 

of wires, and eventually the wires must 
lead to an exchange. The exchange connects 
the wires from the caller’s telephone to those 
of the phone he is calling. Then the two 
people can speak to one another, their 
conversation being converted by the tele- 
phone mouthpieces into fluctuating currents, 
which flow round the electric circuit connect- 
ing them. 

In older manual exchanges, the operator 
is told the required number, finds it, and 
joins the two pairs of wires by hand. In 
modern exchanges the finding and connection 
are both done automatically by switching 
devices called relays. (Simple relays are 
explained on page 412.) A relay consists of 
an electromagnet or solenoid which is 
magnetized when a current of electricity 
passes through its coil and attracts a soft-iron 
armature. By passing different currents of 
electricity through the electromagnet, the 
armature can move so that it selects one pair 
of wires from several pairs, and connects the 
two pairs of wires. The telephone relay is 
‘told’ which wires to select when the caller 
dials. 

An automatic telephone system needs four 
different kinds of mechanisms to select a 
number. Three of these are special kinds of 
relays, and are in the exchange. The fourth 
is the caller’s dialling telephone set, which 
controls them all. When the caller lifts the 
telephone handpiece, two things happen. 
Firstly he is connected to a relay at the 
exchange, which switches on a supply of 
direct electric current to the caller’s micro- 
phone. This provides most of the electric 
power which will be transmitted along the 
telephone lines. Secondly, the caller’s tele- 
phone lines are connected to a relay called a 
uniselector. This ‘notices’ that the caller wishes 
to dial, and connects him to the actual 
selecting mechanism, which consists of rows 
and rows of relays — group selection relays and, 
at the end, final selection relays. When the 
uniselector has made this connection, another 
relay sends a ‘dialling tone’ to the caller, 
telling him that he can now begin to dial. 
Suppose the number he wants is 314. With 
his finger, he dials the first figure, 3. As the 
dial returns to its original position, a pair of 
electrical contacts in the telephone rest click 
together three times and send three electrical 
pulses along the line to the group selector. 


One armature of this selector moves a shaft 
vertically and the other horizontally. It con- 
trols 10 rows of electrical circuits leading 
to the final selectors. The three electrical 
impulses flow round one group selector coil, 
attract the armature so that it moves the 
shaft three steps vertically upwards and con- 
nect the ‘caller to a circuit controlling tele- 
phones with 3 as their first figure. But there 
may be roo other telephones with numbers 
beginning with 3, and it is possible that the 
first circuit the shaft comes to is already 
engaged. On the same horizontal line (the ‘3’ 
line) there are, however, a number of other 
contacts, each controlling the same telephone 
numbers 300 to 399. The shaft rotates till it 
finds a pair of lines not being used, and con- 
nects the caller to them. 

The next set of relays will make the final 
selection. Telephones 300 to 399 each have 
their own pair of contacts leading from this 
selecting relay. It can choose one number 
from the hundred (the group selector chose 
the group of 100 from a thousand num- 
bers, which is the same as choosing one 
number from ten). Like the group selector, 
the final selector controls 10 rows of contacts 
each containing 10 pairs. The caller dials the 
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There are two electromagnets and two armatures. 
One moves the shaft upwards and the other rotates it. 


usually no alternative routes to the same 
number, another relay will send the ‘number 
engaged’ signal back to the caller. 

This exchange has selected one number 
from 1000. Larger exchanges have more 
telephones connected to them, and they will 
need more group selectors. Each extra group 
selector multiplies the number of telephones 
which can be directly connected to the 
exchange by 10. Thus, with an extra selector, 
the exchange can handle 10,000 numbers and 
the caller will need to dial an extra figure. 


The caller dials the letters representing a distant exchange (e.g. MUS for MUSeum). Each letter, 
however, stands for a digit. Letters are used simply because it 1s easier to remember 3 letters and 4 digits 
than 7 digits. This connects him to the distant exchange, where the signal passes through more selectors 


till it finds the right number. 


second figure, which is 1. One pulse is sent 
down the line to the final selector electro- 
magnet. The armature shaft moves vertically 
upwards one step, and waits on the first 
horizontal row of contacts till the caller has 
dialled the last figure, 4. Then it moves 
horizontally 4 steps. This connects the caller 
to the telephone line he wants. It operates 
yet another relay to make a bell ring at the 
other end of the line. When someone picks up 
this telephone, current flows in the micro- 
phone, and the two people can converse. If 
the number is engaged, since there are 
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10,000 is a convenient number for an ex- 
change in a large town or city, where there 
are a great many telephones in a small area, 
and the wires connecting each of them to one 
exchange need not be very long. In more 
sparsely populated areas, smaller groups of 
telephones will converge in smaller ex- 
changes. The exchanges are connected by 
trunk cables, which can carry only a limited 
number of separate conversations at once. 

Smaller exchanges lead to larger exchanges, 
and the trunk lines connecting them are 
chosen and switched in much the same way 
as the 1000-number exchange selected one 
individual number. The caller is connected 
first to the uniselector of the local exchange. 
The first two or three figures he dials connect 
him through group selectors to one of the 
trunk lines leading to the exchange he wants. 
The next three or four figures operate the 
group selectors and final selectors at the 
distant exchange and connect him to the 
required number. 


The caller has just dialled 314. He is connected 
by the group selector to the first available ‘300’. 
The next two figures connect him to the 4th contact 
on the first row of contacts of the final. selector. 
When the complete number has been dialled, another 
relay operates the bell in the distant telephone. 
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Mouth and jaws of adult human showing the position of the teeth. Top left. Structure of a 


molar tooth. 


N adult human being normally 

has thirty-two teeth, sixteen in 
each jaw. The upper jaw has on each 
side two incisors, one canine, two pre- 
molars and, at the back, three molars. 
The same is true of the lower jaw. 
The number of teeth in an animal can 
be expressed quite conveniently by 
using the dental formula. This gives 
the number of teeth of each type in 
one half of each jaw reading from 
front (incisors) to back (molars). 
Thus the dental formula for man is 
2123, 
2123 


For a rabbit, which has no 
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canine teeth at all in its jaws the 
2035 
1023" 
tive placental condition (i.e. that 
found in the early placental mam- 
3343 
3143 
the full set of 44. The tooth arrange- 
ment depends to a large extent upon 
the feeding method and the nature of 
the food. Man is an omnivorous 
animal (eating all types of food) and 
consequently our teeth are not highly 
specialised when we compare them 
with the grinding teeth of herbivores 


formula would be The primi- 


but few animals retain 
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and the cutting teeth of carnivorous 
animals. Incisors are retained in most 
mammalian groups as chisel-shaped 
biting or cutting teeth. The canine is 
highly developed in hunting carni- 
vores as a stabbing and tearing tooth. 
In man it is rather reduced and 
functions almost as another incisor. 
Many herbivorous animals have lost 
the canine tooth altogether. The pre- 
molars and molars of man are the 
grinding and chewing teeth. The 
surface of these teeth is covered with 
triangular or conical ridges (cusps) 
which fit into hollows of the opposing 
teeth when the jaws are brought 
together. Chewing movements then 
cause the teeth to act as millstones 
and grind up the food. 

Although our teeth are modified 
for various purposes, they are all con- 
structed according to a definite pat- 
tern. Projecting from the gum is the 
crown of the tooth. The part embedded — 
in the gum and reaching into a 
socket in the jaw bone is known as the 
root. The body of the tooth is made | 
up of a hard bone-like substance 
known as dentine. Inside this there is 
a cavity—the pulp cavity — which 
contains blood vessels and_ nerves. 
Branches from these, together with 
fine protoplasmic threads, penetrate 
the maze of fine canals which spread 
throughout the dentine. When the 
latter is damaged by decay or by the 
dentist’s drill, the nerve endings are 
stimulated and we feel pain. Covering 
the crown of the tooth is a layer of 
enamel of varying thickness. It is 
made up almost entirely of apatite 
crystals with calcium phosphate filling. 
Apatite crystals are made up of — 
calcium phosphate plus calcium fluor- 
ide or calcium chloride. Calcium 
phosphate is also mainly responsible 
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for the hardness of dentine. The 
enamel layer crystals are elongated 
and are all arranged with their ends 
towards the surface of the enamel. 
Around the root of the tooth, enamel 
is replaced by cementum (the cement), 
another bone-like material which 
fixes the tooth firmly in the socket of 
the jaw. However, between the bone 
of the jaw and the cementum layer 
there is a layer of tissue — the pert- 
odontal membrane which is in contact 
with the tissues of the gums and with 
the pulp cavity. Incisor and canine 
teeth have a single root, premolars 
have a double root and molars have 
three branches to the root. 

We have seen that an adult has 
thirty-two teeth but a young child up 
to the age of about six has only 
twenty teeth. These are the milk teeth 
or deciduous teeth which are grad- 
ually replaced by the permanent teeth 
after the age of about six years. There 
are no molars in the milk set but the 
teeth corresponding to the premolars 
are known as the milk-molars and 
perform the same grinding function. 
The first milk teeth to erupt are the 
incisors which normally appear be- 
tween eight and ten months after 
birth. The full set does not appear 
until two years of age. The first perma- 
nent teeth appear at the age of about 
six years. They are the front molars. 
The milk teeth are then replaced by 
the permanent ones which grow up 
under them. Incisors are replaced 
first, then premolars and then canines, 
the latter appearing as permanent 
teeth at eleven years or so. The 
second molars appear at about 12 
years and the third molars — wisdom 
teeth—not until eighteen or even 
later. 

Although the teeth are composed 


The face of a six-year-o dc showi ng 
permanent teeth (in red) 
of a hard bone-like tissue, they 
are in fact derived from various 
skin tissues in much the same way as 
the placoid scales (denticles) of the dog- 
fish and its relatives (the Elasmobranch 
fishes). It is fairly certain that the 
placoid scale and the teeth have a 
common origin in the bony plates 
that covered the bodies of primitive 
fishes. The placoid scales, just like 
teeth, have a pulp cavity surrounded 
by dentine and enamel, and, in only 
slightly modified form, function as 
teeth in the mouths of elasmobranchs. 

More concrete evidence of the 
origin of teeth in the skin is obtained 
by studying their development in the 
gum. Human teeth are formed in the 
following way. In the early embryo 
the skin along the future line of the 
jaw-bones thickens and is known as 
the dental lamina. The edge of this 
extends into the tissues of the jaw and 
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forms bud-like thickenings at intervals 
along the jaw. There are, at first, ten 
of these thickenings in each jaw. They 
are the ‘buds’ of the first set of teeth. 

The dental lamina later extends 
beyond the last deciduous tooth bud 
and slowly forms the buds of the 
permanent molars. When the embryo 
is about three months old the dental 
lamina forms further tooth buds on 
the inside of the developing milk 
teeth. These are the buds of the 
permanent teeth. They develop in just 
the same way as the milk teeth but 
much more slowly. 

The epithelial tissues of the tooth 
buds grow inward and form a bell- 
shaped structure in which a group of 
cells shows up densely and is termed 
the enamel knot. Under this knot, cells 
of the connective tissue become dense, 
forming the beginnings of the tooth 
body, the tooth papilla. 
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The cells of the papilla grow and 
multiply and push up under the 
enamel knot, forming a simple tooth- 
shaped structure. The cells of the 
enamel knot get larger and begin to 
produce enamel while some cells of 
the papilla start to release dentine. 
For the laying down of good hard 
material and its impregnation with 
calcium and other minerals, salts and 
vitamins — especially vitamin D — are 
needed in the blood. The hard layers 
are first deposited at about 20 weeks 
old by which time the bone of the 
jaws has started to form as a cup sur- 
rounding the developing teeth. More 
enamel and dentine are produced 
until the crown of the tooth is com- 
plete. The time required depends 
upon the type of tooth but when the 
crown is complete the tooth erupts (1.e. 
breaks through the gum surface) by 
growth of the root. The latter con- 
tinues to grow for a while until it is 
completely enveloped in the jaw-bone 
which has grown up round it. Cement 
is produced by the tissues of the 
papilla when the root begins to grow. 
When the root is fully formed the 
opening of the pulp cavity closes so 
that very little food transfer can 
occur. Growth then ceases although 
the tissues still receive enough food to 
stay alive. 

The permanent teeth continue to 
develop slowly under the milk teeth. 
When the crown of a permanent tooth 
is fully formed, its root begins to grow. 
This causes an increase in pressure 
on the base of the milk tooth. The 
result is that the periodontal mem- 
brane and the cement and even part 
of the milk tooth root are broken 
down by enzymes and by special 
scavenging cells which absorb the 
material rather in the manner of a 
feeding Amoeba. When the cement and 
the membrane have gone there is no 
firm attachment of the tooth to the 
jaw — the tooth in fact becomes loose 
and eventually falls out, leaving a 
clear path for the permanent tooth 
which now rapidly grows up through 
the gum to take its place in the adult 
tooth row. When it has reached full 
size and is firmly embedded in its 
socket, the tooth ceases to grow 
because the opening of the pulp 
cavity closes just as in the milk teeth. 
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The gum is a mass of dense, fibrous 
tissue attached to the jaw bones. It is 
continuous with the periodontal mem- 
brane of the tooth socket which it 
supplies with food and oxygen via its 
rich blood supply. In other mammals 
and in some of the less civilised races 
of man the permanent teeth remain 


healthy throughout life but, particu- 
larly in Western civilisation, dental 
disease is on the increase and fre- 
quently necessitates removal of these 
teeth and their replacement with 
artificial ones. Dental diseases and 
their treatment will be discussed more 
fully in a further article. 


Teeth in other animals 


Only in the mammals do we find the 
various types of tooth described here. In 
all lower vertebrates the teeth are simple 
conical structures, usually without roots and 
are present in greater numbers than in 
mammals as a rule. They are attached to the 


S jaws by cement or by fibrous tissue (liga- 


ments) but apart from crocodile and some 
fish teeth, they are not placed in sockets. 
Frequently, especially in fish, teeth are found 
in the roof and base of the mouth as well as 
in the jaws. Although the size of teeth may 
vary in an individual animal — the crocodiles 
have both large and small teeth, all are of the 
same general shape. Some modifications are 
found in fishes which feed on molluscs. The 
teeth are often flattened and may be joined 
together in plates in order to crush the shells. 
The poison fangs of snakes are modified teeth. 
They are elongated and grooved to carry the 
venom from the poison glands into the 
wound made by the teeth. In contrast with 
mammals, where there are usually the two 
sets of teeth described for man, reptiles and 
most other lower vertebrates replace their 
teeth many times, new ones replacing worn §& 
ones regularly throughout life. 

Modern birds are without teeth although 
fossils show that the earliest birds had simple 
conical teeth similar to those of their reptilian 
ancestors. 

All mammalian teeth can be classed by the 
four types described at the beginning of the 
article but, as we have seen, they may bej 
modified according to the feeding habits and 
diet of the animals concerned. The molars of 
cows and other grass or foliage-feeding 
animals are very large and have a complex 
pattern of ridges and grooves to ensure 
adequate grinding of the food. Teeth such as 
these, which. are subjected to hard wear, 
continue to grow throughout life as the root 
canal remains open. The dog and related 
carnivores have very sharp, pointed carnassial 
teeth. These are formed by the last pair, of 
premolars of the upper jaw and the first 
molar of the lower jaw. The chewing motion 
of the jaws causes the teeth to shear through 


© the meat. Other tooth modifications include 
.the tusks of elephants - greatly enlarged 


upper incisors. Whalebone whales and some 


ant-eating mammals have no teeth at all. 
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HE coming of the railways in the 

early 19th century created the 
need for some means of sending 
messages quickly. Current electricity 
had just been discovered, and the first 
method of using it to send messages at 
great speed over long distances was 
the telegraph. Telegraph and tele- 
phone signals are both sent over 
wires. The telephone signal is a 
complicated electrical fluctuation 
which must be carefully preserved in 
the telephone lines, so that it can be 
reconverted into recognisable sounds 
at the other end. The telegraph 
transmits simpler pulses which can 
be used to send Morse Code messages 
along the wires. 

The simple telegraph pulses are 
made when a switch is closed and 
opened, and an electric circuit is 
completed and broken. They can be 
transmitted using only one wire. 
This may seem strange, because the 
telephone needs two wires between 
caller and listener. The wires are 
joined at the exchange and current 
has to flow around a complete electric 


circuit. The telegraph manages with 
only one wire because the earth is 
used instead of a second wire. Both of 
the ends of the wire are connected to 
earth (either by digging the wire into 
the ground, or by attaching it to a 
metal water-pipe which goes into the 
ground, or by connecting it to the 
earth terminal of the electricity sup- 
ply). Electrons which constitute the 
electric pulses, and which are released 
from the battery at the sending end 
when the switch is closed, can flow in 
the wire because there is somewhere 
for them to go at the other end. Theo- 
retically the current flows through 
the Earth back to the sending end, 
where it makes up the slight electron 
deficit. 

This is called a simplex telegraph 
circuit. Signals can be sent along 
the line in only one direction at a 
time. Two wires must be used for 
simultaneous transmissions in both 
directions, each message being trans- 
mitted between one wire and earth. 

At the receiving end the pulses 
must be reconverted into something 
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we can hear or see. The signal may 
operate a buzzer (rather like an elec- 
tric bell—see Issue No. 19, p. 301), 
or a sensitive galvanometer with a 
pen which moves when a pulse is 
sent through the instrument. Alterna- 
tively, it may go directly to a decoding 
machine, such as a teleprinter, which 
automatically reconverts the electric 
pulses into written letters on a kind of 
electric typewriter. Telegrams are 
sent by this method. The paper strips 
pasted on to the delivery form come 
from the teleprinter. If the signal were 
to be sent along miles of wire, with 
just a battery to provide the driving 
force, then the signal would be too 
weak to operate any of these devices. 
It will, however, be large enough to 
operate a telegraph relay. Relays 
(described on page 412) were in fact 
developed to supply the needs of the 
telegraph. The pulse passes round 
the coil of an electromagnet, mag- 
netizes it, attracts a piece of soft iron, 
and closes another circuit supplying 
power to the receiver or to yet another 
relay. 
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| MEDICINE 


_. of the Teeth and Jaws— 
INTRODUCTION TO 


DENTISTRY 


[N a previous article our teeth were 

P ieedned as being made of hard 
layers of enamel and dentine sur- 
rounding a cavity full of nerves and 
blood vessels. The tooth as a whole is 
a living organ and as such is subject 
to diseases just as any other part of 
the body. Disorders of the teeth and 


The dentist’s drill. The electric 
engine turns the ‘bit’ by means of the 
driving bands which pass over a 
series of pulleys on the extending arm. 


. Corre 
applied - as soon as 
apparent. If this is not Fittes the jaw bones 
may be permanently damaged and the 
teeth may project at all angles from the 
gums. As well as detracting from personal 
appearance, uneven teeth make it difficult 
to chew properly and this may result in 
digestive troubles. The branch of dentistry 
dealing with the Se ies of these defects 
is known as ortho 

It is usually the pefishent teeth which 
show crowding, as they have less room for 
development than the deciduous milk teeth. 
Dense crowding which prevents eruption of 
one or more teeth is relieved by extraction 
of the necessary tooth or teeth, but where 


(a) An orthodontic plate in position. (b) 
The cavity in a carious tooth. (c) An arti- 


ficial denture for the upper jaw. 


UPPER JAW 


_ since only a prolonged gentle pressure on the 


_ sufficient room for proper development. 


the jaws in which they are set, and 
the prevention and treatment of these 
disorders, are studied under the head- 
ing of dentistry. 

Filling or stopping a tooth is a way 
of curtailing tooth decay which is 
widely believed to develop because, 
after eating, numerous small food 
particles adhere to our teeth, especi- 
ally in crevices between the teeth. 
This is where tooth decay is most 
common. Our mouth, in common 
with most other places on Earth, is 


teet are merely growing at the wrong 
gle less drastic measures can be used. The 
pia. aoe ease can be gradually coaxed | 
hee their proper positions by means of | 
‘metal or plastic bands which pass round the — 
teeth and are attached to a plate held in the 
_ mouth. The bands are tightened periodic- 
ally until the teeth assume their natural | 
positions. This may take a number of years 
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teeth will produce the desired effect. 

It may be thought that extraction of the 
milk teeth would relieve crowding in the 
permanent set. This, however, is not so; in | 
fact crowding may actually be caused in 
this way. If the deciduous premolars are — 
removed before the eruption of the per- 
manent premolars and canines, the first 
permanent molars and the second incisors — 
of the permanent set tend to move slightly 
and take up part of the space. The per- — 
manent canines and premolars then lack 
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When this was realised, the earlier © 
practice of removing defective milk molars 
was stopped and dentists now try to avoid 
extracting these teeth by filling them. 


swarming with bacteria, some of which 
are able to act upon the food residues, 
especially carbohydrates such as 
sugars, and break them down to 
simple substances. During this action 
a substance known as lactic acid is 
formed which is able to dissolve the 
calcium salts of the enamel. The latter 
then breaks down and exposes the 
dentine to further bacterial action. 
The bacterial enzymes break down 
the dentine and a cavity forms in the 
tooth which is then said to be carious. 
This type of decay is called dental 
cartes, and is the commonest of dental 
diseases. Unless the bacterial action is 
stopped the cavity will enlarge, and the 
bacteria will penetrate the tubes of 
the dentine and reach the pulp cavity. 
The tissues of the cavity are broken 
down and apart from severe tooth- 
ache this may result in more serious 
conditions such as dental abscess 
(severe inflammation of the root 
region) and general ill-health. This 
condition should, of course, never be 
reached if one pays regular visits to 
the dentist. Regular brushing of the 
teeth is a further safeguard against 
decay and certainly helps to reduce 
the amount of work needed on visits 
to the dentist. 

Undoubtedly, a good mineral and 
vitamin supply during the early stages 
of tooth formation will reduce the 
degree of dental caries later and diet 
is probably an important factor. It is 
interesting to note that the highest 
rate of dental caries is found in civi- 
lized populations, especially those of 
Western Europe and North America. 
The Eskimo population of Northern 
Canada and the native population of 
Africa both appear to be relatively 
free from tooth decay, although the 
Eskimo feeds almost entirely on meat 
and fish while the main foods of the 
African natives are cereal products, i.e. 
carbohydrates. It appears therefore 
that dental caries is a ‘disease of civi- 
lization’, but why this should be so is 
not at all clear. Recently there has 
been much publicity about the effect 
of fluorine and its compounds (fluor- 


3 ides) on reduction of dental caries. 


Evidence suggests that fluorides in 
drinking water may be _ beneficial 
but the mechanisms are not yet 
clear. 


Fob insow. 


Dental Treatment 

Before a tooth is filled, the decaying dentine 
is removed with small sharp spoon-shaped 
blades termed excavators and the cavity is 
further cleaned with the dentist’s drill 
which removes tiny pieces of the tooth and 
so smooths the cavity ready for filling. 
Back teeth are usually filled with a metallic 
mixture known as amalgam. The cavity is 
washed with antiseptic and filled with the 
amalgam, which is soft when first put in 
but soon hardens and makes a satisfactory 
substitute for enamel. Front teeth are 
usually filled with synthetic (artificial) porce- 
lain which matches the natural tooth colour. 
When large amounts of enamel have been 
removed because of extensive decay the 
whole tooth may be covered (capped) with a 


thin layer of gold or with artificial porcelain. 
Unless the cavity is particularly deep, filling 
is not a painful process, but an injection of 
local anaesthetic, xylocaine or novocaine, may be 
given to deaden the nerves for a short period. 
Nowadays extraction is recommended only 
when teeth are very badly decayed or 
damaged. When extraction is necessary, the 
patient receives an injection close to the 
tooth or is put to sleep for a minute or so by 
breathing a mixture of nitrous oxide and 
oxygen. The dentist then grasps the offending 
tooth firmly in a special pair of forceps and 
removes it from its socket with a sharp twist. 
The tissues of the gum soon heal and harden 
without harm to the patient. 

Next to caries the most common dental 
complaint is gingivitis. This is the name given 
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to inflammation of the gums caused by 
bacterial infection of the tissues around 
the neck of the tooth. Penicillin and other 
antibiotics will control this disease, but if it is 
allowed to progress without treatment the 
tissues of the gum will break down and tooth 
attachment will be lost and further damage 
will follow to the root of the tooth and the jaw 
bone itself. Treatment of severe cases involves 
cleaning the junction between tooth and 
gum and polishing the teeth to regain a self- 
cleaning surface which will not collect food 
particles. This may mean cutting away the 
gum to some extent. 

Extracted teeth are normally replaced by 
artificial ones. These are made of plastic 
and normally attached to a metal or plastic 
plate, moulded to fit the shape of the mouth. 
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FRICTION between two objects some- 

times leads to the transfer of electrons 
from one to the other. Electrons are units 
of negative electric charge, and the object 
which gains them gains a negative charge, 
while the other becomes positively 
charged. No charge has been added to 
or taken away from the system. The 
amount of positive charge on one object 
is equal to the amount of negative charge 
transferred to the other. If the object is 
made from material (e.g. copper) which 
conducts electricity, electrons immediately 
leak away through it and the charge on 
its surface is destroyed. A rubbed metal 
rod, for instance, will not attract small 
pieces of paper—it cannot keep its 
charges. But if the object is made from 
some kind of insulating material (e.g. 
plastic), electrons cannot leak away 
through it. Any charges put on its surface 
have to stay there. A plastic pen that has 
been rubbed will attract small pieces of 
paper simply because it has been charged 
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and has kept its charges. Objects similarly 
charged (i.e. negative and negative) 
repel one another, while those with 
charges of opposite sign attract one an- 
other. This is called static electricity 
because the charges do not flow, as in 
current electricity, but, if they do move 
at all, move only a very small distance. 
Electrons object to being herded to- 
gether. They are all negatively charged 
and repel each other. If there is a possible 
escape route by which electrons can move 
away from one another, they will take it. 
When a negatively charged insulator is 
touched, the transferred, or excess, elec- 
trons will flow through the finger, through 
the body, to earth, and the insulator 
loses its charge. The flow of electrons 
is an electric current, far smaller than the 
electric currents produced by dynamos 
or batteries. Until the end of the 18th 
century it was, however, the only kind of 
electricity known. It could be produced 
by rubbing a glass rod with silk, or an 
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amber rod with fur. This is the first and | 
simplest form of friction machine. Whether — 
the rods become positively or negatively | 
charged depends on what they are rubbed — 
with, and which of the two substances 
loses electrons more easily. 
The more a rod is rubbed, the more 
charge it accumulates. The amount of 
charge the rod will hold is limited by the 
insulation between the rod and the hand © 
holding it, and the rod and the air. The © 
charge tends to leak away because the 
insulation is not perfect. In the 18th | 
century more efficient methods of pro- | 
ducing friction, or static, electricity were | 
devised. Guericke made a large ball of | 
sulphur (an insulator), rotated it with one 
hand and rubbed it with the other. The 
large ball could hold a large amount of 
charge, and it could be discharged by 
holding a conductor leading to earth near 
to it. The repulsive force between elec- 
trons becomes so great that they are able 
to jump across the air gap, and appear as 


a spark. Clouds charged with static elec- ee A 
tricity also lose their charge by means of a= | 
an electric spark which we call lightning. 

Larger machines were made and larger 
amounts of electricity were produced. 
Now a means of storing charge so that it 
could be used when required was needed. 
The first device made was the Leyden 
jar. This was a glass jar coated inside and 
out with metal foil. The inner coating was 
connected to the friction machine and elec- 
trons transferred by friction flowed to 
the inner coating and remained there. 


When the jar could hold no more charge, In the simplest form of friction machine 
the lead to the machine was cut off, the : glass ree is lees with silk. The 
jar was insulated and the charges in it pesiat: between the rd eng she. slik 

d for fj Th d P causes the transfer of electrons from the 
stored lor future use, 4 he moder Ccapaci- rod to the silk. The rod has a positive 
tor or condenser (see page 316) is the “ 

i inciple as the Leyden jar—it ~—S ATTRACTS PIECES 

same in princip y j . > ATTRACTS 


has two conducting layers separated by 
an insulator. 


(Extreme right) Guericke’s sulphur ball 


becomes charged by rubbing. When it ee Be 
discharges it sparks and crackles. 


electric charge, while the silk has an 
equal negative charge. Rod and silk will 
attract one another, since they carry 
charges of opposite sign. (Charges of the 
same sign repel.) 

The charged rod will attract light ob- 
jects, such as pieces of paper. Like all 
matter, the paper consists of atoms with 
heavy, positively charged nuclei and 


TWO SIMILARLY 
CHARGED GLASS 


RODS REPEL 
EACH OTHER 
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light, negatively charged electrons 
around them. The paper is neutral—it 
carries no net positive or negative 
charge. Suppose the rod is positively 
charged. It will repel the nuclei and 
attract the electrons. The electrons 
move towards the rod, while the heavier 
nuclei are slightly displaced away from 
it. The charges are induced to move, and 
the rod need not touch the paper to 
move them. Unlike charges are now 
closest to one another, and the paper will 
be attracted and move towards the rod. 
If the rod were negatively charged, the 
parts of the paper nearest to it would gain 
an induced positive charge, and paper 
and rod would still attract one another. 
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The mould is grown in these large fer- 
mentation tanks. 


N 1928, Professor (later Sir) Alex- 

ander Fleming discovered that a 
mould, identified later as Penicillium 
notatum, produced a substance which 
stopped the growth of some disease- 
causing bacteria he was studying. 
The mould had accidentally got into 
his cultures of Staphylococcus aureus and 
had begun to destroy the bacteria. 
Fleming found that the anti-bacterial 
substance, which he called penicillin, 
was made by the mould and released 
into the surrounding liquid (culture 
liquid) on which the mould was 
growing. He realised that this could 
be an important step forward in the 
control of bacterial diseases and began 
experiments to try to isolate the active 
substance from the culture liquid. The 
experiments were unsuccessful, how- 
ever, and the idea was shelved until 
1939 when Sir Howard Florey and Dr. 
Ernst Chain took up the problem and 
succeeded in isolating a yellow pow- 
der many times more active against 
bacteria than the original culture 
liquid tested by Fleming. The powder 
was very impure but showed great 
promise in the control of bacterial in- 
fection in animals. Britain was at war 
with Germany at the time and did not 
have facilities for producing penicillin 
on a large scale. Sir Howard, however, 
managed to persuade some American 
firms to produce enough of the pow- 
der for clinical tests. These were so 
successful that large-scale production 
was started and penicillin became 


PENICILLIN manufacture’ 


available for treating injuries in the 
later stages of the war. 

The molecule of penicillin is not 
large but its structure is complicated, 
consisting of a central ‘nucleus’ of 
carbon, hydrogen, nitrogen, oxygen 
and sulphur atoms and a side chain 
of carbon and hydrogen atoms. The 


PENICILLIUM CULTURE 


structure of the side chain varies 
with different substrate (i.e. food) 
materials and with the strain (variety) 
of the mould itself. The various side 
chains give different properties to 
the penicillins. Because of the com- 
plicated structure, no artificial method 
has yet been found to make the com- 
plete penicillin molecule, and all 
manufacturing processes involve grow- 
ing the mould. Originally the mould 
was grown only on the surface of the 
liquid, but the yield was not good. 


The process has been improved over 
the years by altering the composition 
of the culture liquid and by using 
different strains of Penicillium. A very 
high yield is now obtained. 

The mould is grown in huge tanks | 
which hold up to 12,000 gallons of | 
culture liquid. The liquid itself is 
water containing large amounts of | 
sugars, mineral salts and other food 
materials, especially corn-steep liquor 
which is a by-product of the starch 
industry. The culture liquid is steri- 


The bottles pass along a conveyor and receive a charge 


(Above) 


of sodium penicillin solution. (Below) Water is removed from the 
bottles in these low-pressure chambers, leaving penicillin powder. 


lized in the tanks by heating and then, after it has cooled, 
the mould is introduced from smaller tanks in which it 
has been growing. The culture is kept at 24°C. and 
continuously stirred. Sterile air is forced into the tanks, 
forming ideal conditions for the growth of the mould. 
It develops throughout the culture, not just on the surface, 
and the liquid (now called broth) is left for three or four 
days until the mould reaches its greatest development. 
The broth is then drawn off through pipes and filtered to 
remove the solid mould. The liquid passing through the 
filters is treated with activated (i.e. very pure and finely 
powdered) charcoal which adsorbs the penicillin. This 
means that the penicillin molecules stick to the surface 


of the carbon particles. After further filtration the solid 
residue is treated with acidified acetone and water to 
dissolve the penicillin. This must be done rapidly as 
the penicillin breaks down in acid surroundings. Immedi- 
ately after the acetone treatment the solution is treated 
with sodium bicarbonate which produces the sodium 
salt of penicillin. This is the form in which penicillin is 
used. 

The rooms and apparatus must be completely sterile. 
The workers all wear sterile clothing and masks which 
are frequently changed. The sodium penicillin solution is 
evaporated until a fixed concentration is reached and 
then transferred to sterile bottles. Each bottle usually 
receives a fixed ‘charge’ of 100,000 units which is the 
normal daily dose for treating human infection. The filled 
bottles are transferred to very low pressure, low tempera- 
ture chambers where the water is removed until the 
moisture content of the penicillin is only about 1%. 
When pure, the penicillin is a white, crystalline powder. 
The bottles pass to sterile rooms where they are sealed 
and stoppered ready for distribution to hospitals and 
doctors. 

In the last few years some new penicillin drugs have 
been developed. These stem from the discovery, in the 
broth, of a penicillin-like substance which did not have 
much antibiotic activity. This substance was shown to be 
the basic nucleus of penicillin, i.e. penicillin minus its 
side chain. It was given the name 6-amino penicillanic acid 
(briefly 6-APA). 

The chemists were able to increase the yield of this by 
altering the composition of the culture fluid, and after 
much research are now able to add various side chains 
artificially. The so-called new penicillins are formed in this 
way. They are active against different types of bacteria 
and, more important, some can be taken by mouth. 
Ordinary penicillin is destroyed by the digestive juices 
and must be given by injection. 


Bottles are sealed in sterile air-conditioned rooms. 
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The Morrison formation (Rocky Mountain region, U.S.A.) is rich in fossils of many different kinds of land animals, particularly dino- 
saurs. It resulted from the deposition of river-borne sand, gravel and mud. When this was happening, perhaps 140,000,000 years ago, 
the region was a low-lying plain, covered with luxuriant vegetation and crossed by many sluggish streams and rivers. 


OSSILS are traces of animals or 

plants which have been naturally 
preserved in various ways, sometimes 
for many millions of years. 

Many millions of years ago an 
ichthyosaur died and sank to the 
bottom of the sea. In time its skeleton 
was covered with mud, which gradu- 
ally settled into solid rock layers. The 
encased skeleton was then gradually 
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fossilized. At a much later date earth 
movements buckled the sea bed which 
consequently rose to become dry 
land. Then erosion by ice, water and 
wind slowly stripped off the rock, 
thus uncovering the fossilized skeleton. 

When an animal dies its body 
usually decomposes or is eaten by 
other animals. But the hard parts, the 
shell or bones and teeth, are not so 


easy to destroy. The essential con- 
ditions needed for preservation are 
that the animal should be buried 
relatively quickly, i.e. before the 
elements have time to reduce the 
bones to dust, and that the rock in 
which it occurs should escape meta- 
morphism (change by heat or pres- 
sure). The best conditions for preser- 
vation exist in the sea, especially near 


The Oligocene beds of the Baltic region of 
Germany have ytelded good examples of 
insects encased in amber. 


the coast, which is the reason why 
nearly all fossils are found in sedi- 
mentary rocks. Even fossils of land 
animals have been found in such 
rocks, probably through having been 
swept out to sea in floods. 

Fossils take on a number of different 
forms. Very occasionally the actual 
skeleton may be preserved. This has 
happened where animals have been 
trapped in bogs or tar pits and quickly 
buried. The Californian tar pits, for 
instance, have yielded a wealth of 
skeletal remains. And under very 
unusual conditions the entire animal 
may be preserved. Mammoths (the 
forerunners of present-day elephants) 
have been found in Alaska and Siberia 
preserved almost intact in ice. 

More often, however, the buried 
skeletons are petrified, i.e. replaced 
by stone. This is caused by ground 
water depositing mineral matter in 
the pores of the bones, a process known 
as permineralization. On the other hand, 
each particle of the substance may 
be eaten away and replaced by a 
particle of mineral matter. Petrified 
bones are usually produced by the 
former process and petrified wood by 
the latter. 

Some buried substances may be 
completely eaten away by percolating 
ground water, leaving a space in the 
rock corresponding to the original 
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A cast of a trilobite formed by the later 
deposition of mineral matter in the mould. 


form of the object. This is known as 
a mould. Ground water may later fill 
this cavity with mineral matter, thus 
producing a rock cast of the object. 
Interesting moulds have been formed 
by insects becoming trapped in resin 
dripping from evergreen trees. This 
gradually hardens to form amber, and 
although most of the insect dries and 
withers away, the outline of its original 
form can clearly be seen from the 
hollow in the transparent material. 
Moulds of extremely thin objects, 
such as leaves, are generally spoken 
of as tmprints. 

Many plant fossils are simply resi- 
dues of carbon which give the actual 
shape of the original object, and 
fossils of soft-bodied invertebrate 
animals are occasionally formed in 
this way too. Sometimes the petrified 
skeleton of an animal may be sur- 
rounded by a film of carbon which 
shows the actual fleshy outline of the 
creature as it was. 

Unusual fossils are the tracks left 
by animals in mud which later 
hardened to become rock. Excellent 
dinosaur footprints, for instance, have 
been found by the side of an old 
water course in the Gobi Desert of 
Central Asia and in many other 
areas. 

Fossils are a key to the past. They 
help to explain the changing pattern 


A mould of a trilobite, the impression tha 
may remain after the actual animal h 


disappeared. 


of life through the ages. But datin 

them can be difficult. Take, fo 

example, a 100-foot-high chalk cliff. 
Geologists have calculated that it too 

30,000 years for each foot of chalk t 

form. Thus a fossil found 30 feet abov 

another would be g00,000 years 
younger than the one below. But 
this only gives their relative ages. Their 
actual age cannot be determined 
until the actual age of the chalk has 
been determined. 


How are fossils found? 

Fossils have often been unearthed 
in mines, quarries and other excava- 
tions, even by ploughing; but they 
have been exposed most frequently as 
water, wind and ice wears away the 
land. 

People out for walks may pick 
them up at the foot of cliffs, or in 
quarries or in fields. Often they keep 
them as ornaments, not realizing that 
they are the remains of an animal or 
plant that lived perhaps many mil- 
lions of years ago. Sometimes these 
‘ornaments’ find their way into 
museums where they are identified. 

More usually, however, fossils are 
found today as the result of systematic 
searching by trained fossil hunters. 
As the result of years of experience 
palaeontologists (people who study 
fossils) know which rocks are likely 


A film of carbon shows the original outline 
of this ichthyosaur body. 


to contain certain fossils and where 
these rocks are to be found. Sites are 
marked off so that the position of any 
finds can be located. 

Once a large fossil has been found, 
the task of unearthing it, covering it 
in a protective coat of plaster for its 
journey to the museum, and clean- 
ing, repairing and piecing the bones 
together again may take a considerable 


many excellent fossils. 


Footprints made in mud, which later 
hardened to solid rock, count as fossils. 


amount of time. 
What do we know from fossils ? 
Our knowledge of the Earth’s 
history, its animals and plants and 
their evolution, its great climatic 
changes and the building and erosion 
of its fold mountain ranges, has 
largely come from fossils. 
From animal and plant fossils we 
have been able to build up a picture 


The tar pits of Rancho La Brea, California, provided a trap as deadly as quicksands for 
animals, especially when rain made them appear like pools of water. They have yielded 


One of the best examples of petrified wood 
occurs in the Petrified Forest of Arizona, 


of the evolution of living things. 
Certain fossils are characteristic of 
particular geological periods, so we 
can say how old they are and how 
long their group survived. Some 
groups of animals and plants appeared 
and died out within a relatively short 
space of time. Others (for example, 
the turtles) have remained unchanged 
through millions of years. 


| MINERALOGY 
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CERTAIN minerals which play a 

vital role in the production of 
various types of steel have already 
been discussed in a previous article 
(Issue No. 27). But they by no means 
complete the list of metallic minerals 
which are important in industry. The 
present article deals with the chief 
ores of other important metals, to- 
gether with a few minerals which, 
although commercially unimportant, 
are interesting within themselves. It 
must be remembered that the list 
of commercially important minerals 
represents but a fraction of the total 
list of metallic minerals. 


Gold, the ‘king of metals’ and the 
basis of trade nearly everywhere, is 
one of the few metals which occurs 
frequently in the native state, i.e. 
uncombined with other elements 
(though in practice other metals, 
particularly silver, are present). Gold 
is found in quartz veins; but as the 
deposits are eroded, the heavy gold 
becomes concentrated in stream beds 
and can be recovered by washing 
away the lighter sand. 


Native gold (hardness or H. 2:5 on Mohs 
scale; specific gravity or Sp. Gr. 19-3) is soft, 
heavy, and yellow in colour. In rocks, gold 
occurs as flecks or plates, the isometric crystals 
being rare. Another source of the metal is 
calaverite (gold telluride), a brittle mineral 
ranging from yellow to silver in colour. (H. 2:5 
to 3; Sp. Gr. about 9.) Gold is also recovered 
from other minerals. 


A metal which has played a far 
greater role in commerce in the past 
than in the present is silver. The 
amount used for coinage purposes has 
fallen drastically in recent years. 
Today three-quarters of the silver pro- 
duced is used in industry. One very 
important use is in the manufacture of 
photographic films. More than half 
of the world’s silver is obtained as a 
by-product of lead, zinc and copper 
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Open-cast mining of ore-bearing rock. 


production, while gold mines yield an 
appreciable amount. 


Like gold, silver occurs in the native state 
(H. 2-5 to 3; Sp. Gr. 10-5), but the chief source 
of the metal is argentite (silver sulphide), a 
shiny, lead-grey mineral, often associated 
with native silver, and lead, zinc and copper 
minerals. It crystallizes in the isometric system 
but usually occurs in massive form. (H. 2-5; Sp. 
Gr. 7:3.) 


Often associated with silver is the 
much more humble metal lead. About 
one-third of the world production of 
this metal is used in accumulators, 
e.g. motor-car batteries. Other im- 
portant uses are in the manufacture 
of paints and cable coverings, and for 
constructional purposes. 


Lead does occur in the native state, but by 
far the most important source of the metal is 
the mineral galena (lead sulphide). This is a 
brittle, silver-grey mineral which commonly 
forms cubic crystals. Galena is notable for its 
perfect cubic cleavage. (H. 2:5; Sp. Gr. 7-5.) 
Less important ores of lead are cerussite (lead 
carbonate) and anglesite (sulphate of lead). 
Cerussite sometimes forms needle-like bundles 
of large white crystals, but: usually occurs in 
massive form. (H. 3-5; Sp. Gr. 6-5.) Anglesite, 
formed by the oxidation of galena, is usually 
colourless or grey and has an adamantine lustre. 
(H. 3; Sp. Gr. 6-3.)° 


Zinc is a metal which naturally 
follows on from lead, for the two are 
intimately connected. In fact there 


is only one important zinc deposit 
which contains no lead ore, and work- 
able quantities of both are usually 
present in the same mine. By far the 
chief use of zinc is in providing a rust- 
proof coating on iron. Brass is an 
alloy of copper and zinc. 


The chief source of zinc is the mineral spha- 
lerite, otherwise known as zinc blende or black- 
jack (zinc sulphide). Sphalerite, meaning decep- 
tive, is a good name, for its colour ranges from 
black to red, brown, green and yellow. Crystals 
(isometric) are common and cleavage in six 
directions is perfect. (H. 3-5 to 4; Sp. Gr. 4.) 
Other zinc ores include zincite (zinc oxide), 
smithsonite (zinc carbonate), hemimorphite 
(hydrous silicate of zinc), willemite (zinc silicate) 
and franklinite (a variety of magnetite). Zincite 
(H. 4 to 4-5; Sp. Gr. 5-5), an orange-red mineral, 
and franklinite are confined to a single locality. 
Smithsonite varies considerably in colour and 
often occurs in honey-comb or stalactitic masses 
(H. 5; Sp. Gr. 4-4).Willemite (H. 5 to 6; Sp. Gr. 
about 4) varies in colour but will nearly always 
fluoresce bright green under ultra-violet light. 
Hemimorphite (H. 4-5 to 5; Sp. Gr. about 3-5) 
may be brown, yellow, blue or white in colour. 
The name calamine has been applied to both 
hemimorphite and smithsonite. 


Thorium is a metal which probably 
has an important future in the field of 
atomic energy, but at present its main 
use lies in the chemical industry and 
in the manufacture of gas-mantles. 


The two most important sources of thorium 
are monazite (a complex mineral containing 
thorium) and thorite (thorium _ silicate). 
Monazite occurs as monoclinic crystals and as 
grains in ‘heavy’ sands. Brownish-yellow and 
brittle, it is strongly radioactive. (H. 5 to 5-5; 
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Sp. Gr. 5.) Thorite, ranging from red to black in 
colour, usually occurs in massive form. (HS; 
Sp. Gr. 5 to 6.) 


Uranium has recently become a 
valuable source of atomic power. 
Strangely enough, this highly prized 
element is widely scattered through- 
out the Earth’s crust in igneous 
rocks. But workable deposits are few 
and far between and the search for 
uranium has rivalled the ‘gold rushes’ 
of former days. 


There are many uranium-bearing minerals but 
few are of commercial importance. Uraninite 
(an impure oxide of uranium) is a hard, heavy, 
black mineral, occurring in isometric crystals. 
(H. 5-5; Sp. Gr. 9 to 9-7.) Pitchblende is a 
massive variety of uraninite. Carnotite, already 
described as an ore of vanadium, is another im- 
portant ore. Urophane (a complex uranium- 
bearing mineral) often occurs with uraninite as 
tiny straw-yellow, needle-like orthorhombic 
crystals. (H. 2 to 3; Sp. Gr. 3-8.) All uranium 
minerals are radio-active. 


Copper was probably the first 
metal to be smelted from its ore, a 
process which is fairly simple. The 
alloy bronze (copper and tin) was 
probably discovered accidentally be- 
cause in many places the two metals 
occur together. Owing to its low 
electrical resistance, the chief use of 
copper is in the electrical industry. 
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Copper forms more minerals than any other 
metal but only a few are important ores. The 
chief source are the sulphides of the metal 
chalcopyrite (sulphide of copper and iron), 
chalcocite (cuprous sulphide) and bornite (cop- 
per iron sulphide). Chalcopyrite (H. 3-5 to 4; 
Sp. Gr. 4:2) is a brassy mineral with a greenish- 
black streak. It is usually found in massive form. 
Chalcocite (H. 2:5; Sp. Gr. 5-5) is lead-grey in 
colour and has a conchoidal fracture. Its ortho- 
rhombic crystals are rare. Bornite (H. 3; Sp. 
Gr. 5), sometimes called peacock ore owing to 
a frequent blue or purple tarnish, is bronze 
coloured when freshly exposed and has a black 
streak. Once again crystals (isometric) are rare. 
Other names for bornite are erubescite and 
variegated copper ore. The weathering of 
copper minerals at the surface is responsible for 
the attractive carbonates malachite and azurite 
(green and blue respectively). The difference 
between these two lies simply in their water 
content—8-2% in the former and 5:2% in the 
latter. (H. 4; Sp. Gr. 3-8 to 4, for both.) 


Aluminium is one of the most 
versatile of metals. Being very light 
(about one-third as dense as iron), 
non-corrosive and, in alloy form, 
mechanically strong, it is an ideal 
aircraft construction metal. 


Despite the fact that aluminium is the most 
common metal in the Earth’s crust almost all of 
the world’s production comes from just one 
mineral—bauxite (a mixture of hydrated 
aluminium oxides). This is formed by the 
weathering of aluminium-bearing rocks in a 
tropical climate. Though white or buff by nature 
the presence of iron stains it reddish-brown. 
(H. 3 or below; Sp. Gr. 2-5.) 

Other aluminium minerals, though not a 
source of the metal, are commercially im- 
portant. Kaolinite (hydrated aluminium silicate), 
otherwise known as china clay, usually occurs 
as white earthy masses. This mineral is of vital 
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importance to the ceramic industry. (H. 2 to 2-5; 
Sp. Gr. 2:6.) Cryolite (a fluoride of sodium and 
aluminium) is a rare mineral which was once of 
vital importance in aluminium refining. Nowa- 
days, artificial cryolite is used. Corundum 
(aluminium oxide) is a grey to brown mineral 
frequently forming hexagonal crystals. When 
richly coloured, corundum is a highly prized 
gemstone. (H. 9—harder than any other com- 
mon mineral; Sp. Gr. 4.) 


Platinum is the commonest mem- 
ber of a group of metals including 
palladium, osmium, iridium, ruthen- 
ium and rhodium. It is widely used in 
jewellery, but also has electrical, 
dental and chemical uses. 


Platinum does occur as the native metal, 
usually as grains or nuggets in placer deposits. 
It is very heavy, malleable, and grey in colour. 
(H. 4 to 4-5; Sp. Gr. 21-5 when pure.) Sperrylite 
(platinum arsenide) is a valuable platinum ore. 
It is hard, heavy, white in colour and has a black 
streak. Sperrylite sometimes forms large iso- 
metric crystals (H. 6 to 7; Sp. Gr. 10-5). 


Metallic arsenic has few uses, the 
chief one being the hardening of lead 
shot. But arsenic trioxide is used in 
enormous quantities in insecticides 
and weed-killers. Lead arsenate is 
extensively used against the cotton 
boll weevil and copper or lead 
arsenate against the potato bug. 


The chief ore of arsenic is arsenopyrite, also 
called mispickel (sulpharsenide of iron). This 
steel-grey ore is usually found in crystalline 
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masses. Individual crystals are small and wedge- 
shaped (H. 5:5 to 6; Sp. Gr. 6). Far more 
spectacular are the minerals orpiment (arsenic 
trisulphide) and realgar (arsenic sulphide). The 
former is yellow in colour, the latter vivid red 
(H. 1-5 to 2; Sp. Gr. 3-5 for both). Both were 
once used as pigments for paints. 


The most common use of tin is in 
coating the iron of ‘tin’ cans with 
an extremely thin protective layer to 
prevent rusting. Fully 40% of the 
world production of tin is used in 
this manner despite the fact that the 
film of tin accounts for only 1% of a 
can’s weight. Large quantities are 
also used in alloys and solders. 


Like aluminium, tin has just one ore—cas- 
siterite (tin oxide). This forms tetragonal 
crystals (prisms and pyramids) but usually occurs 
as granular masses or fibrous masses (wood tin). 
It is quite brittle and has a brilliant lustre. (H. 6 
to 7; Sp. Gr. 7.) 


Mercury is the only metal which is 
liquid at normal temperatures. It is 
extensively used in the preparation 
of drugs and chemicals and in scienti- 
fic instruments. The most well-known 
use, in thermometers, represents only 
a small fraction of the total con- 
sumption. 

The only source of mercury is cinnabar (mer- 


curic sulphide), a bright red mineral which 
forms hexagonal crystals, though it is usually 
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found in massive form, or as scattered flecks. 
It has a scarlet-red streak (H. 2:5; Sp. Gr. 8-1). 
Native mercury is sometimes found in cinnabar. 


Owing to its light weight and high 
melting point titanium is being used 
in ever-increasing quantities in a 
number of different fields—rocket 
construction, for instance. It is also 
used in the manufacture of paints. 


The chief ores of titanium are rutile (titanium 
dioxide) and ilmenite (oxide of iron and 
titanium). Rutile often crystallizes as tetragonal 
prismatic crystals, black or reddish brown in 
colour. It is found in igneous or metamorphic 
rocks. (H. 6; Sp .Gr. 4-2.) Ilmenite, black in 
colour, may be found massive or as grains or 
flecks. Crystals are rare. It is often associated 
with magnetite. (H. 5 to 6; Sp. Gr. 4-5.) 


Owing to its lightness, magnesium 
is extensively used in alloy form with 
aluminium and other metals for light- 
weight construction purposes. 


The principal ores of magnesium are mag- 
nesite (magnesium carbonate) and dolomite (a 
carbonate of calcium and magnesium). Magnesite 
is usually crystalline or granular and individual 
crystals are rare. It ranges in colour from white 
to yellow and brown. (H. 4; Sp. Gr. 3.) Dolo- 
mite (a carbonate of calcium and magnesium) 
really falls under the non-metallic minerals, 
which will be described in a later article, but is 
a minor ore of magnesium. 
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Antimony is widely used for har- 
dening lead and making it resistant 
to corrosion in the form of battery 
plates, lead sheet and lead pipes. 
Type metal is a lead-antimony alloy 
with small amounts of tin and some- 
times copper. 


The chief source of antimony is the mineral 
stibnite, sometimes called antimonite or anti- 
mony glance (antimony trisulphide). This lead- 
grey, brittle mineral sometimes forms distinc- 
tive slender prismatic crystals (orthorhombic 
system) but more often occurs in columnar 
masses. (H.2; Sp. Gr. 4-6.) 


Columbium (or niobium) and tan- 
talum are rare metals of considerable 
importance. They are used, for in- 
stance, in high-temperature alloys 
suitable for rocket engines, and in 
nuclear reactors. 


Columbite and tantalite are complex ores of 
columbium and tantalum. Which name is given to 
the mineral simply depends upon whether 
columbium or tantalum is present in the greatest 
quantities. (H. 6; Sp. Gr. 5-5 to 8.) 


The ores of iron and of the metals 
which go to make ferro-alloys are 
described in the article FERRO- 
ALLOY MINERALS on page 421 


ORGANIC CHEMISTRY 


ACETIC ACID 


ILUTE solutions of acetic acid 

are used in many homes. Under 
the name of vinegar (meaning sour 
wine—the original source of the sub- 
stance) acetic acid is used to add 
flavour to various food-stuffs and as a 
preservative. Such uses are quite small 
as compared with the much larger 
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quantities which are required in- 
dustrially. 

Pure acetic acid is a colourless 
liquid which freezes in cold weather 
to give a colourless solid like ice. For 
this reason the concentrated acid is 
frequently referred to as glacial acetic 
acid. Vinegar contains between 3% 
and 9% acetic acid and various other 
substances which give it extra flavour 
and its colour. Malt vinegar is brown, 
whereas vinegar made from poor 
wines is red or amber. 

Vinegar as such is manufactured by 
the oxidation of the ethyl alcohol in 
poor quality wines, or in malt wash. 
The solutions of ethyl alcohol are 
exposed to the air, and in the presence 
of certain bacteria—Mycoderma aceti 
and Micrococcus aceti—the oxygen of 
the air combines with the alcohol to 
yield acetic acid. The formation of 
vinegar by bacterial oxidation is a 
batch process, and when each batch 
has been oxidized a small quantity 
of the product is left in the cask. ‘This 
residue contains sufficient bacteria 
to start up oxidation in the next 
batch. 

The concentrated acetic acid for 
industry is also obtained by an 
oxidation process. In this instance 
acetaldehyde (see Issue 21, page 322) 
is oxidized with atmospheric oxygen 
using manganese acetate as a catalyst. 
On a large scale, a stream of air and 


acetaldehyde is passed into corro- 
sion-resisting vessels containing fairly 
strong acetic acid and the catalyst. 
The heat evolved is controlled by 
cooling coils. The crude acid is con- 
tinuously withdrawn for purification 
by fractional distillation. Any un- 
changed acetaldehyde is returned for 
further oxidation. 

Over the years the source of the 
acetaldehyde for this conversion has 
.varied considerably. Where acetylene 
can be obtained cheaply (e.g. from 
calcium carbide, in countries where 
electricity is cheap) acetaldehyde is 
obtained by a reaction between water 
and acetylene in the presence of 
suitable catalysts. Acetaldehyde pre- 
pared by oxidation of ethyl alcohol 
seems to be preferred on account of 
the relative costs of the raw materials 
and of processing them. Ethyl alcohol 
is, in turn, manufactured from 
‘cracked’ petroleum spirit, rather than 
from fermentation processes. 

Acetic acid is a very stable sub- 
stance—it resists the action of reduc- 
ing and oxidizing agents and does not 


readily decompose when heated. For 
these reasons it is a useful solvent for 
organic substances. Acetic acid has 
the usual properties of acids, such as 
reacting with bases (alkalis) to form 
salts. Although there are four hydro- 
gen atoms in a molecule of acetic 
acid, only the one in the carboxyl 
(—COOH) group can be replaced by 
a metal. The salts of acetic acid are 
called acetates, thus sodium acetate is 
obtained when acetic acid is neutral- 
ized by sodium hydroxide. Acetic 
acid also reacts with alcohols to form 
a class of compounds called esters. 
In certain ways the esters are com- 
parable with salts in inorganic 
chemistry. 

Acetic acid is a raw material for 
the manufacture on an_ industrial 
scale of a great variety of materials. It 
is used in the manufacture of various 
plastic substances such as cellulose 
acetate, vinyl acetate and acetate 
fibres. Insoluble ferric acetate and 
aluminium acetate are deposited in 
cotton fabrics before they are dyed. 
These substances, which are known 
as mordants, fix dyestuffs into the 


cotton fibres. Acetic acid is also used 
in the manufacture of drugs (e.g. 
aspirin) and of white lead for paint. 


In these vats acetic acid is manufactured from acetaldehyde and atmospheric oxygen, in the 


presence of a catalyst. 
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Serine about to Paka hlovefordi om a cloth, demonstrating tts powerful anaesthetic effects 


EW operations, however minor, 

are undertaken today without some 
form of anaesthetic, either to produce 
complete unconsciousness or to render 
a part of the body insensitive to pain. 
Just over a hundred years ago 
anaesthetics were only just coming 
into use, and Sir James Young Simp- 
son was one, perhaps the most not- 
able, of the early pioneers. Sir James 
was a Scot, born the son of a baker at 
Bathgate, West Lothian, in 1811. 
He trained at Edinburgh University, 
and at the age of 29 became a Pro- 
fessor of Midwifery there. 

In the early 1840’s many scientists 
in various parts of the world were be- 
coming interested in the use of anaes- 
thetics. As far back as 1799 the 
English chemist and physicist Sir 
Humphry Davy had noted that nitrous 
oxide seemed capable of destroying 
pain. About 1844 Horace Wells, an 
American dentist, used this anaesthetic 
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for the extraction of teeth. Also 
around this time Crawford Long, 
William Morton and other Americans 
were using ether as an anaesthetic. As 
news of this work came to Britain, 
ether came to be used for surgical 
operations. The first major operation 
in Britain under ether was con- 
ducted by Robert Liston at University 
College Hospital, London, in Decem- 
ber 1846. 

In 1831 a substance was produced 
by various chemists (Guthrie, Soub- 
eiran and Liebig), which came to be 
called chloroform. It was brought to 
the attention of Sir James Simpson, 
who, although he had previously tried 
ether, had thought it generally un- 
suitable for use in midwifery. Chloro- 
form, however, proved much more 
promising. Late in 1847 Simpson 
carried out an experiment with his 
friends, trying the effects of the 
anaesthetic by inhaling it. The result 


was that they were soon all lying 
unconscious around the room. About 
the 15th November 1847 he ad- 
ministered chloroform for a surgical 
operation. In the years that followed 
he frequently used chloroform to 
reduce the pain during childbirth. At 
first there was criticism of using 
anaesthetics for midwifery, but the 
techniques gained official recognition 
in 1853 when John Snow administered 
chloroform to Queen Victoria during 
the birth of Prince Leopold. 
Simpson was a man of wide in- 
terests, both inside and outside his 
chosen profession. He made many in- 
novations in the practice of mid- 
wifery, though, rather surprisingly, he 
attacked the practice of using anti- 
septics as put forward by Lord Lister. 
Sir James Simpson died in 1870. His 
chief monument was the Simpson 
Maternity Hospital, now part of the 
Edinburgh Royal Infirmary. 


OPTICS 


T is sometimes necessary to see over 
or around opaque solid objects 
which otherwise prevent direct view- 
ing. The commander of a submerged 
submarine may wish to know if there 
are any enemy ships within range, 
people at the back of a crowd want to 
see what is going on in front of them, 
while workers in radio-active mater- 
ials need to observe the apparatus and 
materials which they are handling by 
remote control. It is possible to do all 
this by means of periscopes. 

The simplest type of periscope con- 
sists of a pair of plane mirrors set in 
the two ends of a tube. The mirrors 
are arranged so that their surfaces are 
parallel to one another, and are at a 
45° angle to the axis of the tube. 
This type of periscope is not very 


PRISMS 


satisfactory as there is a tendency for 
more than one image to form. 

A much better instrument is ob- 
tained by using a pair of 45° prisms 
in place of the mirrors. In optics the 
term prism is usually limited to 
transparent solids having triangular 
cross-sections. The triangular prisms 
commonly used in optics are either 
right-angled (with the other two 
angles 45° each) or equilateral (i.e. 
have all three sides of equal length 
and all angles 60°). 

In the submarine periscope the prisms 
are arranged as shown in the diagram. 
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Light from the distant object strikes 
the face of the first prism at right 
angles (i.e. angle of incidence = 0°). 
The beam enters the prism without 
being bent — it has not been refracted. 
The long side of the triangle then acts 
as a plane mirror for rays already 
within the prism, provided that the 
angle at which the rays strike the 
mirror surface is greater than the 
critical angle. 

The angle of incidence of the beam 
on the reflecting surface is 45°, and as 
the angle of incidence is equal to the 
angle of reflection, the beam is re- 
flected at 45° to the normal. This 
ray has, therefore, been turned 


The Submarine Periscope incorporates two 
45° prisms. These are better than mirrors 
because the formation of multiple images 
is avoided. 


and PERISCOPES 


through a right angle and will strike 
the third side of the triangle at right 
angles. The beam passes straight out 
of the prism without being refracted. 
The beam undergoes similar reflec- 
tion at the second 45° prism, and 
emerges from the periscope parallel 
with the original incident beam. 
The importance of the beam of 
light striking the first face of the prism 
at right angles can be shown by a 
simple experiment. A narrow parallel 
beam of light is directed at a 45° 
prism so that it is as nearly as possible 
at right angles to a short face. At 


first the beam is reflected in the same 
way as in the periscope, and emerges 
from the other short face at right 
angles to its original path. But if the 
prism is very slowly rotated a position 
is suddenly reached when the beam 
is no longer totally reflected by the 
longer face. Instead most of the light 
is refracted at the latter face and light 
emerges from that face. The angle of 
incidence at which this change occurs 
is known as the critical angle. For 
ordinary (Crown) glass the critical 
angle for light travelling from glass 
to air is 42°. 

In passing from a more dense to a 
less dense medium (e.g., from glass to 
air), a beam of light is bent (refracted) 
away from the normal. If the angle of 
incidence (in the denser medium) is 
greater than the critical angle, all the 
light is reflected internally instead of 
being refracted. If the angle of in- 
cidence is being increased, just before 
the critical angle is reached, the angle 
of refraction (in the less dense medium) 
is almost a right angle. Total internal 
reflection only occurs when light - 
travelling in a more dense medium 
strikes the boundary of a less dense 
medium. It cannot occur for light 
going from a less dense medium into 
a more dense medium. 
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| MAGNETISM | 


F a bar magnet is suspended in such ¥ {fl © 


a way that it hangs horizontally, 
and is set swinging in the horizontal 
plane, it always comes to rest pointing 
in the same direction. A map showing 
the lines of magnetic force over the 
surface of the Earth can be drawn by 
repeating this experiment at many 
places on the Earth. The pattern of 
these lines of force is very similar to 
that surrounding an ordinary bar 
magnet. On account of this and other 
properties which the Earth’s magnetic 
field has in common with a magnet’s, 
it was concluded many years ago 
that the Earth is itself a magnet. 

For most practical purposes the 
Earth may be regarded as containing 
a very powerful bar magnet which 
passes near the centre of the Earth. 
It would appear that the axis of this 
magnet is almost the same as the axis 
about which the Earth spins. Scien- 
tists have pointed out, however, that 
the temperature at the centre of the 
Earth is too high for iron to retain\its 
magnetism (iron loses its magnetic 
properties when heated above 760°C): 
there is at present no really satisfae- 
tory explanation of the source of the 
magnetic field around the Earth. 

The pole near the end of the freely 
suspended bar magnet which comes 
to rest pointing in a northerly direc- 
tion, is for obvious reasons, called the 
north seeking pole of the magnet. Like- 
wise, the other pole is the south 
seeking pole. Since unlike magnetic 
poles attract one another (and like 
poles repel) it follows that the north 
seeking pole of the suspended bar 
magnet (or of any compass) is turned 
to point northwards by the attraction 
of the Earth’s south seeking pole. This 
south seeking pole is situated at the 
North Magnetic Pole of the rth. 
Similarly there must be a fnorth 


The Dip Needle 1s used to mgasure the 
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of magnetic force at a particytar place. 
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seeking pole at the South Magnetic 
Pole. The names are confusing but 
it is logical when you think about it. 

On the magnetic map of the World, 
the positions of the poles may be 
identified as the two points on the 
surface of the Earth towards which 
the lines of magnetic force converge. 
From such a map it is found that 
the Magnetic Poles do not coincide 
with the Geographic Poles of the 
Earth. Furthermore, over the years 
the positions of the Magnetic Poles 
have changed. The North Magnetic 
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Pole is at present situated in Prince 
of Wales Island (74°N, 100°W) while 
the South Magnetic Pole is in King 
George V Land (67°S, 142°W). 
For the same reasons there are only 
a few places on the Earth’s surface 
where the geographic meridian and 
the magnetic meridian are parallel 
to one another. The two _ lines 
usually cross one another and _ the 
angle between these two different 
meridians, which pass through a 
particular place, is called the declina- 
tion (or magnetic variation). Not only 
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does the declination vary from 
place to place, it also changes with 
time. 

On the more accurate types of 
large-scale map, such as the 1 inch 
Ordnance Survey maps of England 
and Wales, and of Scotland, the 
magnetic variation at the date of 
publication is shown in the margin. 
The variation in London is now about 
7°25/W, and is decreasing by about 
7’ each year. Failure to correct a 
course for such a variation could have 
serious consequences — at the end of 
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MAGNETIC FIELD AROUND A BAR 

MAGNET FOR COMPARISON WITH THE 

EARTH’S MAGNETIC FIELD. NOTE 

THAT THE IMAGINARY BAR 

MAGNET INSIDE THE EARTH IS MUCH 

SHORTER THAN THAT INDICATED ABOVE, 
a 1o-mile journey in a straight line, 
one would be about 0.13 mile (230 
yards) off course. 

It is possible to make a reasonable 
estimate of the declination or magne- 
tic variation using a good magnetic 
compass and a 1 in. Ordnance Survey 
map of the area in which one is 
situated. Observations of this type 
are best carried out from a hillside so 
that a large area of country is easily 
visible. 

One or more easily identifiable 
features (e.g. church, cross-roads, 


windmill) which are some distance 
from the observation station should 
be chosen. The compass bearing of 
the distant point which must also be 
fixed by the map is measured first. 
The bearing of that point (i.e. the 
angle which a line drawn on the map 
from the observation station to the 
point, makes with the North-South 
line on the map) is also measured on 
the map with a protractor. The 
difference between these two angles is 
the magnetic variation. 

From the diagram showing the 
magnetic field of the Earth it will be 
seen that the angle which the lines 
of force make with the surface of the 
Earth varies widely over the globe. 
At the North and South Magnetic 
Poles the lines of force are vertical, 
whereas at the equator they are al- 
most horizontal. The angle between 
the lines of magnetic force at any 
point and the horizontal is known as 
the angle of dip. 

Dip may be measured with a 
magnetized needle (a dip-needle) which 
is free to turn in a vertical plane 
about a horizontal pivot. The whole 
apparatus which can be rotated in a 
horizontal plane, is turned until the 
needle becomes vertical. The vertical 
plane of the dip circle is then at right 
angles to the magnetic field of the 
Earth. The apparatus is then turned 
through another right angle so that 
the dip circle is parallel with the 
lines of magnetic force, and the angle 
of dip is read from the circular scale. 


The shape of the Solar Corona indicates 
that the Sun also has a strong magnetic 


field. 


| BIOLOGY | 


CARBOHYDRATES, FATS 


CARBON is familiar in nature as 
charcoal, diamond, and graphite. 
In these substances it occurs alone, 
uncombined with any other element. 
Life, however, is based upon the 
unique ability of carbon atoms to 
join together in long chains and in 
rings together with hydrogen and 
oxygen atoms and also with nitrogen, 
sulphur and phosphorus atoms. 
Three main classes of carbon com- 
pounds are characteristic of plants 
and animals. These are carbohydrates, 
fats and proteins. 


Carbohydrates 


As their name suggests, carbo- 


hydrates are compounds that contain 
carbon, hydrogen and oxygen. The 
latter two are usually present in the 
same ratio as they are in water, 
namely two hydrogen atoms to one 


SUCROSE (Cane sugar) 
A DISACCHARIDE 
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oxygen atom. Examples of carbo- 
hydrates are glucose (grape sugar), 
sucrose (cane sugar), starch and 
cellulose. 

Carbohydrates (and fats) are to 
living cells what petrol is to the 
normal motor car engine. They are 
the main fuels that are burned to 
supply the energy needed to drive 
living processes. But they are not 
merely energy providers. In plants 
cellulose is produced in large quanti- 
ties to form cell walls, and sugar 
molecules are often combined with 
non-sugar molecules to form glycosides. 
Examples of these are the anthocyanins, 
pigments that give blue, red and 
purple colours to flowers. 

There are three main groups of 
carbohydrates, monosaccharides, di- 
saccharides and polysaccharides. Mono- 
saccharide molecules are _ single 
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molecules of a simple sugar such as 
glucose. If two molecules of a simple 
sugar join together a disaccharide is 
formed. For example, a molecule of 
sucrose (cane sugar) contains one 
molecule of glucose and one molecule 
of fructose (fruit sugar). When many 
simple sugar molecules join together 
a polysaccharide is formed. A starch 
molecule, for example, consists of 
about two hundred glucose molecules 
joined together forming a chain. 
Cellulose, too, consists of chains of 
glucose molecules linked together in 
a slightly different way and also with 
linkages between neighbouring 
chains. 

There are two main groups of 
monosaccharides :—hexoses and _ pen- 
toses. Glucose is a hexose sugar. Its 
molecule contains six carbon atoms. 
Fructose is also a hexose sugar. 
Pentoses only have five carbon atoms 
in their molecule. (An example is 
arabinose). ‘They occur in plants only 
in small quantities, but linked to- 
gether and in combination with other 
substances they form polysaccharides 
and other compounds. The gums and 
slimes (mucilages) that occur in fleshy 
plants and seaweeds are examples. 


Fats 

Fats are compounds whose mole- 
cules contain only carbon, hydrogen, 
and oxygen atoms but the propor- 
tion of oxygen is less than that in 
carbohydrates. Thus, compared with 
carbohydrates a greater proportion 
of each fat molecule (the carbon and 
hydrogen part) can be burned. From 
the same weights of fat and carbo- 
hydrate more energy is released when 
the fat burns. Fat is, oo a 
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PROTEINS 


wee 


The colours of the poppy and the beetroot are due to anthocyanins. 


greater source of energy than carbo- 
hydrates and it is extremely common 
in both plants and animals as a 
storage material. Plant seeds are 
especially rich in fat (oil) and many 
animals build up a store of fat during 
the summer months to enable them 
to survive the winter when conditions 
are poor. Birds store fat during their 
breeding season. On their long 
migratory flights the fat is burnt up 
to supply the amount of energy 
needed for flying. Their range is 
largely restricted by the quantity of 
fat that they are able to store prior 
to migrating, for most birds eat very 
little on their migratory flights. 

Not only is more energy released 
when fat is burned (compared with 
the same weight of either carbo- 
hydrate or protein) but also more 
water is formed. This is of great 
importance to land-dwelling animals 
many of which live in conditions 
where water is in short supply. 
Burning fat is one way in which the 
animal can add to the supply of 
water that it obtains as moisture 
from its food or by drinking. The 
hump of the camel is not a water 
tank as the popular stories would 
have us believe. It is in fact a fat 
store and the extraordinary ability 
of the camel to go for long periods 
without water is due to the fact that 
it burns its store of fat to obtain 
water. 

Fats, then, are important as fuel 
reserves and their combustion supplies 
the tissues with a certain amount of 
water. They are also important in the 
structure of living tissues for 
appreciable amounts remain in the 
tissues even when an animal is starved 


for a long time. In vertebrates a 
fatty sheath surrounds nerve fibres 
and insulates them in much the same 


way that a rubber or plastic cover 


insulates an electric cable. 


Chemically fats are esters (organic ” 


salts) of glycerol (glycerin), an alcoh 


that has three -OH (hydroxyl) 
groups, and a fatty acid. Fatty acids 
are formed in plant tissues by the 
oxidation of sugars, and it is probable 
that glycerine is also formed from 
sugars as well. An animal obtains 
some fat in its food. This fat is 
broken down by enzymes to fatty 
acids and glycerol whose molecules 
can pass through the gut wall, and 
the fat molecules are then rebuilt. 


The camel’s hump is rather flabby after 
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But animal tissues can also convert 
sugars into fat. (We all know that 
‘starchy’ foods such as bread and 
potatoes can cause us to grow fat!) 
Even so at least two fatty acids — 
linoleic and _ linolenic acid — are 
essential parts of a healthy diet. 


Proteins 

Fat and carbohydrate molecules 
contain only carbon, hydrogen and 
oxygen atoms, but proteins always 
contain nitrogen atoms and some- 
times sulphur and phosphorus atoms 
as well. Their molecules are the most 
highly complicated of all substances 
because large numbers of atoms are 
present in each protein molecule in 
various different combinations and 
arrangements. This also means that 
the number of different proteins is 
quite astonishing — to the extent that 
every single living species has some 
which are peculiar to it and which are 
not found in any other species. 

The importance of proteins lies in 
the fact that, together with water, 
they form the basis of all living 
matter or protoplasm. They also 
form part of the hereditary material 
that is carried on the chromosomes 
in all cell nuclei. Enzymes, the cata- 
lysts that are so vitally necessary for 
life, are proteins. Proteins are also 
used as food stores, particularly in 
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The structure of glycine. 


the seeds of many plants. 

Proteins may be compared with 
polysaccharides in that their mole- 
cules are built up of units. Many 
sugar molecules join to form poly- 
saccharides. The units of which 
proteins are built are called amino 
acids. The simplest amino acid is 
called glycine or amino-acetic acid. It 
has the formula NH,.CH,COOH. 
The NH, grouping-the amino 
group —is basic and the hydrogen 
of the carboxyl grouping (-COOH) 
makes this acidic. Substances that 
act as acids and bases are said to 
be amphoteric. The basic amino 
grouping of the amino acid molecule 


is able to react with the acidic 
carboxyl grouping of another mole- 
cule to form a dipeptide. Many amino 
acids are able to join end to end in 
this way forming long chains called 
polypeptides and eventually protein 
molecules. Each protein molecule is 
thus built up of large numbers of 
amino acids. 

About twenty-five amino acids are 
known. To a limited extent animals 
are able to synthesize (¢.e., build up) 
some amino acids from simpler 
molecules. They are also able to 
convert some amino acids into others. 
However, a number of amino acids 
cannot be built up by animals or 
derived from others; they must be 
present in the diet and are called 
essential amino acids as distinct from the 
non-essential ones. Amino acids are 
able to combine in varying propor- 
tions and the same sequence of 
several amino acids or slightly differ- 
ing sequences may be repeated many 
times so that a vast number of 
different proteins can be formed. 

Proteins that occur in the nuclei 
of cells are called nucleoproteins. It 
is believed that the chromosomes are 
largely built up of nucleoproteins 
and some viruses have been shown 
to consist of masses of nucleoproteins. 
Thus certain nucleoproteins can be 
regarded as being the causes of 


The structure of alanine. 


several highly infectious diseases. It 
is also thought that the nucleoproteins 
of plants and animal cells are the 
makers of other proteins perhaps by 
making the enzymes that are able to 
piece together the necessary amino 
acids. 

The important molecules (nucleic 
acids) in the nucleus that are arranged 
in strings on the chromosomes contain 
sugar molecules. The nucleic acids 
(principally desoxyribose nucleic acid, 
DNA), together with certain proteins, 
the nucleoproteins, form the basis 
of the hereditary material whose 
‘instructions’ regulate all the activities 
of an organism. 


INDUSTRIAL CHEMISTRY 


HE purpose of a cement is to bind 

surfaces together, or to hold par- 
ticles (such as small stones, sand) into 
a hard, united mass. Although Port- 
land cement is only one of a number 
of kinds of cement which can be 
manufactured, it is by far the most 
important in building because of its 
strength and lasting qualities. The 
main uses of Portland cement in the 


Loading the broken pieces of limestone on to 
railway wagons at the quarry. 


building industry are in making con- 
crete and mortar. The cement was 
originally named ‘Portland’ by its dis- 
coverer, a nineteenth-century Leeds 
bricklayer, Joseph Aspdin, because he 
thought it looked rather like Portland 
stone. 

Portland cement is made from 
limestone or chalk mixed with clay. 
The mixture is ‘burned’ and the 
resulting ‘clinker’ is ground into a 
powder. The manufacturing processes 
may conveniently be divided into 
three main stages: the preparation of 
the raw materials; ‘burning’ them in 
a kiln; and crushing the clinker to 
produce the powdered cement. 


Preparing the Raw Materials 
The first stage of cement making 
consists of quarrying or digging out 
the raw materials and converting 
them into a watery mixture known as 
a slurry. Since the ingredients of the 
slurry are either limestone and clay 
or chalk and clay (depending on which 
is more easily available) it is best to 
consider the alternative processes 
separately. Both limestone and chalk 


are chemically the same substance 
(calcium carbonate) but their phy- 
sical properties differ slightly. There 
are, therefore, slight variations in the 
method of processing them. 

If chalk is used, it is quarried and 
finely broken up in a washmill. It is 
mixed with clay and water to form 
the slurry and the mixture is filtered 
(screened). Any coarse matter is 
filtered out, passed through a ball 
mill where it is crushed by metal 
spheres and then fed back into the 
slurry. 

With limestone, the lumps of lime- 
stone rock from the quarry are put 
into the crushing plant where they 
are broken down finely. The crushed 
limestone is added to clay and water 


(below) The cement slurry, now of the 
required fineness, 1s passed into large 
storage tanks where it 1s stirred mechani- 
cally. 
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as 
(upper picture) Clay slurry is fed into the 
washmills by rotary scoops. 


(lower picture) Digging clay from the 
ground with a scraper-type excavator. 
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to produce the slurry, which is then 
fed into a ball mill to be ground down 
even further. 

From this point on the processing 
of chalk and limestone is identical. 
The cement slurry is passed into large 
storage plants and continuously agi- 
tated (stirred). 

From Slurry to Clinker 

The slurry described is still a simple 
mixture of the basic ingredients. Now 
it is transferred into a long revolving 
kiln where by various chemical reac- 
tions it is changed into cement 
clinker. In the first stage the slurry is 
heated and all the water evaporated 
away. 

Then the mixture passes down the 
kiln (a huge steel cylinder some 400 
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Pipes feeding in ground coal to the 
kiln and extracting heated air. Temp- 
eratures within the kiln must be carefully 
controlled. 
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feet long) and further heat is applied. 
The chemical changes which take 
place are rather complex, and are not 
fully understood. It seems probable 
that when the clay, which is an 
aluminium silicate, is heated, it is 
first dehydrated (i.e. loses water) and 
the calcium carbonate (in the chalk or 
limestone) loses carbon dioxide to 
yield quicklime, in much the same 
way as happens in a lime-kiln. 

As these substances approach the 
far end of the kiln they become white 
hot (about 2,500°C.) and enter into 
new chemical combinations — the ce- 
ment clinker has been formed. It 
contains oxides of calcium, aluminium 
and silica which are joined together 
in various compounds such as tri- 


Feeding tables which control the quantt- 
ties of cement clinker and gypsum passing 
into the mill for grinding. 


Diagrammatic view of the cement kilns. 


calcium silicate (3CaO.SiO,) and 
tricalcium aluminate (3CGaO.Al,Os;). 

The revolving kiln is slightly tilted 
from the horizontal so that the mix- 
ture can flow down it more easily. 
As the cement slurry enters the kiln 
at the upper end, finely ground coal 
is blown into the other end and burnt 
to provide the necessary heat. A 
rotary kiln produces something in the 
region of 500 tons of clinker every 24 
hours, and about 8 cwt. of coal are 
used for each ton of cement. 

Before it leaves the kiln the white 
hot clinker is cooled. This may be 
done by passing cold air over it, with 
‘curtains’ of metal chains to absorb 
the heat. As in all stages of cement 
manufacture, tests are regularly made 


Testing a small ‘brick’ made from a batch of 
cement to find its tensile (pulling) strength. 
This 1s only one of a series of tests which 
ensure that quantity 1s maintained. 
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to ensure that the quality of the final 
product will be of a high standard. 
Clinker to Cement 

The clinker from the kiln is now 
put into a store, until it is needed for 
grinding. A specific amount of gypsum 
(calcium sulphate) is added before or 
during grinding — this helps to adjust 
the rate at which the finished cement 
sets quickly when water is added. 

In the grinding mill the hard lumps 
of clinker are crushed into powder, 
which is fed into huge silos by 
pneumatic pumps and is ready to be 
drawn off as necessary. From there it 
is delivered to the bagging plant to be 
poured into bags or drums of the 
right weight ready for delivery to the 
customer. 


Giant silos, storage containers for the 
finished cement. The cement waits here 
for packing and delivery. 
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PRINCIPAL COMPONENTS OF CEMENT CLINKER 


CALCIUM OXIDE, 
(LIME), CaO \ oy 


SILICON OXIDE, 
(SILICA), SiO, 


ALUMINIUM OXIDE, 
(ALUMINA), Al,O; 


FERRIC (IRON) 
OXIDE, Fe,O, 


FINAL COMPOSITION OF CEMENT CLINKER 


30%-50% 5%-15% = 


3 CaO. SiO, 3CaO.Al,O, be 


30%-40% 3 va 7%—15%, 2a 
2 CaO. SIO, Bon! Sark 4CaO.Al,O3.Fe,0, © 


Portland cement is made up of metallic oxides arranged in various chemical combinations. 
The principal compounds formed in the kiln are represented above. 


—— 
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of MUSCLES by 
NERVES 


[T was shown on page 418 of Issue 27 

how messages from sense organs are 
transmitted to effector organs such as 
muscles by way of the reflex arc. This is the 
simplest case, where there are just two 
nerve cells (neurones) between sense organ 
and effector. The majority of animal move- 
ments however are the results of nervous 
messages passing along a chain of nerve cells. 
Between the sensory nerve and the motor 
nerves there are a number of connecting 
nerves called association neurones. These are not 
in contact with either sense organ or effector 
organ and merely pass on the nervous 
messages (impulses) to the next nerve in the 
chain. The association neurones increase in 
number as the nervous system increases in 
complexity. 

The simple, unmodified nerve cell consists 
of the cell body with the nucleus and a 
number of fine processes which radiate in 
all directions, making contact with neigh- 
bouring cells to receive and transmit im- 
pulses. The cells are said to be multipolar. 
Most of the cells in the coelenterate nerve net 
are of this type but nervous impulses do not 
necessarily travel all over the net in all 
directions. Other cells in the nerve net are 
bipolar, i.e. the processes are on two sides only. In 
all animals with a definite pattern to their 
nervous system, i.e. with some sort of central 
nervous system, the typical conducting nerve 
cells are elongated. One of the processes 
grows out to form the axon of the nerve cell 
and in some motor neurones may be several 
feet long, (e.g. a nerve may pass from the 
spinal cord to the foot of an animal without 
interruption). Neurones of this type are said 
to be polarized. Impulses normally travel only 
in one direction along the axon, although they 
can travel in both directions. 

An impulse is picked up by the fine 
branches (dendrites) at the end of the neurone 
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and passes through the cell into the fine 
endings at the other end. These make contact 
with those of neighbouring neurones but the 
protoplasm does not join across the gap. The 
junction is termed a synapse. 

Although the structure and arrangement 
of the neurones varies the nature of the 
nervous impulse appears to be the same in all 
animals. When a receptor is stimulated (e.g. 
when hot water burns the heat-sensitive cells 
in your hand) an electrical disturbance is set 
up and transmitted in its nerve, as a series of 
electric currents which can be detected and 
measured by placing minute wires (electrodes) 
on the nerve concerned and connecting them 
to an amplifying device and a meter. 

The nerve cell is covered on the outside by 
a thin sheet of tissue (a membrane). When the 
cell is at rest (i.e. when there is no current 
moving through it) the membrane allows 
potassium and chloride ions (charged atoms 
or groups of atoms) to pass in and out of the 
nerve but not sodium ions. The latter are 
very abundant in the surrounding tissues. 
Organic ions, negatively charged, balance 
the potassium ions in the nerve and create a 
negative charge on the inside of the mem- 
brane. The sodium ions create a positive 
charge on the outside and the difference 
between the two charges is called the resting 
potential and is of the order of 80 millivolts 
(eighty thousandths of a volt). When the 
nerve fibre is stimulated by the receptor the 
properties of the membrane are altered and 
sodium ions are allowed to pass inwards. 
When they do this they neutralize the excess 
organic ions within the nerve cell and 
cause a negative charge to occur on the outer 
surface. Sodium ions on neighbouring parts 
of the surface then move along and the resting 
potential breaks down on the next part of 
the nerve fibre and the inflowing sodium 
ions set up a current there. In this way a 


At the motor end plate the fine branches of the nerve 
come into close contact with the muscle fibres. 
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current is set up all the way along a fibre. 
As the surface potential is destroyed in the 
process of conducting an impulse, the nerve 
fibre cannot conduct further impulses until 
the resting state has been regained by 
‘pumping’ the sodium out of the nerve cells. 
The period required for this is called the 
refractory period and in mammalian nerve 
fibre is about 2 thousandths of a second. 
Because of the need for this re-charging 
period the mammalian nerve cell cannot 
conduct impulses more frequently than about 
500 per second. In practice the frequency will 
be much lower, 50 to 100 impulses per second. 
The sense organ itself regulates the frequency 
with which it sends impulses. All impulses in 
a particular nerve fibre are of the same size. 
A stronger stimulus will cause more frequent 
impulses not larger ones. If a sense organ is 
stimulated it will produce a reaction in the 
nerve but unless the stimulus is large enough 
there will be no impulse. If an impulse is set _ 
up it will be complete and of the standard 
size. This is known as the all or nothing law of 
nervous conduction. The size of impulse does 
vary however with the condition of the nerve. 
A thick nerve cell will conduct a larger 
impulse than a smaller process of the nerve. 
A nerve fibre affected by drugs will also carry 
only a small impulse. The size of an impulse 
does not decrease as the distance travelled 


Multipolar (left) and Bipolar neurones. 


increases. It travels ‘without decrement’. 

On the way to the effector organ the 
impulse has to cross one or more synapses. 
A widely held theory concerning | this 
mechanism is that when stimulated by the 
impulse, the nerve fibre ending produces a 
minute amount of a chemical called acetyl- 
choline. This acts on the endings of the 
adjacent neurone and changes the permea- 
bility of the membrane. Sodium ions enter 
and the chain of electrical disturbances 
continues through this neighbouring nerve 
cell. As soon as it is produced, acetylcholine 
is attacked by the enzyme acetylcholinesterase 
and is destroyed. If this did not happen the 
nerves would be ‘poisoned’. Some of the 


Motor nerve fibres may be very long. The dendrites 
of the cell body receive the impulses which then 
travel along the axon to the motor end plates of a 
muscle. 
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(right) Diagrammatic representa- 
tion of the charges inside and 
outside a resting nerve cell. 
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powerful new insecticides destroy acetyl- 
cholinesterase and so poison the nervous 
system of the insects. 

When the nerve impulse reaches a muscle 
its electrical energy must be made to liberate 
mechanical energy in muscle contraction. 
Most of the work on contraction has been 
done with striped muscle (see Issue 1, 
page 74) which makes up most of the body 
musculature. The muscles are made up of 
large numbers of cells (fibres) each of which 
has one or more connections with a motor 
nerve ending. In vertebrates there is only one 
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(left) Many hundreds of nerve fibres run from the 
spinal cord to each muscle in vertebrates but each 
muscle fibre has only one end plate. 


DIRECTION OF IMPULSE 


connection but arthropod muscle fibres have 
several motor nerve endings. The junction 
between nerve fibre and muscle fibre is known 
as a motor end plate. A nerve impulse, arriving 
at the junction causes the release of acetyl- 
choline which affects the muscle membrane. 
Ions are allowed to pass in and out in much 
the same way as in nerve cells and the current 
set up triggers off the contractile mechanism 
in the muscle fibre. Again the response is ‘all 
or nothing’. When a single impulse reaches a 
vertebrate muscle fibre the fibre will contract 
and then relax. This response is called the 
muscle twitch. A series of quick impulses will 
keep the muscle fibre contracted since it will 
have no time to relax. This prolonged con- 
traction is called a tetanus. Tonic contraction is 
the term applied to partial contraction of 
a muscle which can be maintained for a long 
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period. This is possible in vertebrate striped 
muscle because there are hundreds of nerve 
fibres supplying each muscle. Each fibre 
branches two or three times and each ending 
supplies one muscle fibre. Impulses in a few 
nerve fibres will therefore cause only part of 
the muscle to contract. There is still complete 
contraction in each individual fibre affected. 
Tetanic contraction of striped muscle requires 
much energy, but tonic contraction of un- 
striped muscle can be maintained for long 
periods without fatigue. 

Whereas vertebrate muscle is innervated 
by a large number of nerve fibres, each 
supplying a few muscle fibres only, arthropod 
muscle is supplied by only a few (1-5) nerve 
fibres. Each fibre branches many times and 
each muscle fibre has several nerve endings. 
Local contraction of a fibre is thus possible. 

Arthropod muscles (and some other in- 
vertebrate muscles) are supplied by an 
inhibitory nerve fibre as well as by the 
excitatory nerve fibres. The inhibitory nerve 
impulses stop or modify muscle contraction. 
Inhibition in vertebrate nerves is accom- 
plished by stopping the nerve impulses. The 
muscle then returns to its relaxed position. 
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(right) Only a few nerve fibres run to crustacean 
muscle but they branch repeatedly. Each muscle 
fibre has several end plates. 


HEAT PHYSICS 


CHANGE of STATE 


[CE is a solid, water is a liquid, and 

water-vapour is a gas. Ice, water 
and water-vapour are three forms, or 
states, of the same substance. When 
water freezes or evaporates, ice melts 
or steam condenses, it is one single 
substance that is changing its state. 
Chemically all forms of water are the 
same. The molecules are identical, 
each being composed of two atoms of 
hydrogen and one atom of oxygen 
(H,O). Molecules in the solid, ice, 
are tightly bound to one another in a 
rigid structure. In water they are still 
strongly attracted, but the molecules 
can slide past one another, and the 
shape of the water is easily altered. 
The attractive forces holding the 
liquid together are overcome entirely 
when water boils, and each water 
molecule can escape into the air and 
exist as a gas. 

Water changes its state when it is 
heated or cooled. Heating gives the 
molecules energy. When the tightly 
bound molecules in ice are given 
energy, they cannot move out of their 
places, but they do vibrate more than 
before. As they become hotter, they 
vibrate more and more until, when 
they have a certain amount of energy, 


the bonds suddenly break. Molecules 
peel off from the surface of the solid 
and slide about nearby. They may 
stick temporarily to other molecules, 
but they soon separate again. Grad- 
ually all the molecules become 
mobile, and we say the ice melts. 

The ice molecules needed to have a 
certain, definite energy before they 
could start to separate. The temp- 
erature of the molecules determines 
their energy, so it follows that melting 
will take place at a definite tempera- 
ture. The ice stays at this temperature 
until it has all melted. A considerable 
amount of heat energy must be given 
to the ice to finally free the molecules, 
and this is called the latent heat of 
fusion. It is not used to raise the 
temperature of the ice, but instead 
gives the molecules energy to move 
about among themselves. 

Water exists as a liquid between 
o°C. and 100°C. As it becomes 
hotter, the molecules gain more 
energy, and move about in the liquid 
faster and faster. At 100°C. water 
boils and evaporates into invisible 
water vapour (the visible steam is not 
a gas, but is water-vapour which has 
recondensed into tiny water droplets). 
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Heating increases 
the energy of the 
molecules so that 
they escape from 
the liquid and 
form a gas. 


tt 


‘gas cools the molecules move more 
~ slowly,..and there is a greater chance 


_~emdlecules bind themselves together 


Again it is the structure, or arrange- 
ment of the molecules of the sub- — 
stance which suddenly changes. When 
they have sufficient energy (7.e., are 
at a certain temperature) the attrac- 
tive forces which kept them together 
as a liquid are overcome. Molecules 
escape from the surface of the liquid 
and can now move freely in all 
directions. Water has changed into 


CE 
MOLECULES 
IN 


SET 
CRYSTAL 
LATTICE 


Ice changes into water. The necessary heat 
ts conducted from the warmer air outside. 


its third state, a gas. The temperature 
of the boiling watér does not rise 
aboye 100°C., even\tthough it is still 
beihg heated for, asin melting, this 


, eXtra pete or latent heat of vaporiza- 


m must. be given to the molecules 
6 pul them farther apart. 

“) Gondehsation + and freezing are 
simply the revers€ processes. As the 


_of their’ meeting and conglomerating 
int6 a.-water droplet. When the 


again, they lose their latent heat of 
vaporization. And as water is cooled 
to o°C., the molecules lose their latent 
heat of fusion, moving more sluggish- 
ly until they are cold enough to be 
fixed in a solid, crystalline structure, 
ice; 

Many substances can exist as solids, 
liquid or gases and, like water, change 
their state when they are heated or 
cooled. Some substances, such as 
ammonium chloride and iodine miss 
out the liquid state entirely, and 
change directly from solid to gas. 
This is called sublimation. 


SCIENTIFIC INSTRUMENTS 


Y law most motor vehicles are 
bound to have an accurate speedo- 
meter. It is a sensitive instrument 
which can indicate small fluctuations 
in speeds and at the same time is 
robust enough to remain unaffected 
by the jolting of the car. The magnetic 
type of speedometer, described here, 
is used in cars and most commercial 
vehicles. 


The rotation of the back axle 
causes the wheels to turn. The faster 
the back axle rotates, the faster the 
wheels turn and the faster the car 
goes. (Of course, if the wheels are 
larger in diameter, for a single turn 
of the axle the car will cover more 
ground for the same number of 
revolutions. So if the tyre size is 
altered, the speedometer will be in- 
accurate). It is the gearbox that 
controls the speed of rotation of the 
back axle, regulating its turning by a 
series of interlocking wheels or gears. 
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The speedometer cable is attached to 
the back of the gearbox and the cable 
itself is rotated by the gears turning. 
The cable leads into the back of the 
speedometer where it is attached to 
the centre of an ordinary steel bar 
magnet, making it rotate too. The 
bar magnet although it does not 
actually touch the aluminium cup is 


enfolded by it and the field of the 


magnet passes through the aluminium 
cup. When the magnet is moving this 
produces small electric currents with- 
in the cup. The result is that the cup 
tries to follow the magnet round. A 
hair spring restrains it so that it can 
move a little, but not round in 
complete circles. As the car travels 
faster, the magnet rotates more 
quickly causing the aluminium cup to 
move round more. Because changes 
in temperature alter the electrical 
resistance of the cup, two strips of 
special alloy are attached to the 


magnet to compensate for this. 

In front of the cup, but not actually 
touching it is an iron ‘stator’. The 
numbered dial is mounted upon this 
stationary piece of iron. 

The pointer is mounted upon the 
spindle coming from the aluminium 
cup and so the movement of the 
pointer across the dial indicates the 
movement of the aluminium cup and 


hence the speed of the car. 

In the factory when the speedo- 
meter was being made, the magnet 
was saturated or made as magnetic as 
possible. The cable was turned at a 
constant speed which corresponded to 
a certain speed of the car. Because the 
magnet was too strong, the speed 
reading was too high. The magnet 
was gradually demagnetized until the 
speed reading was correct. As well as 
regulating the reading, this treatment 
ensures that the magnet does not lose 
its magnetism. 
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IN previous articles, transformers 

have been mentioned as com- 
ponents of electric circuits. In the 
electricity supply (page 160, Issue 10) 
the transformers were changing the 
voltage from the very high value 
(about 100,000 volts) carried by the 
grid to the 240 volts required by 
domestic users. In telephones (page 
383, Issue 24) they were being used 
to separate circuits carrying direct 
current through a carbon micro- 
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phone from the wires carrying the 
telephone signal to an exchange. 
And in detecting circuits (page 390, 
Issue 25) they were transferring alter- 
nating signals from a radio aerial to 
the diode valve rectifier. The trans- 
former has many more applications. 
All have a few basic things in common. 

There are always at least two 
circuits connected to one transformer. 
Alternating current is passed from one 
circuit to another through the trans- 


An iron-cored transformer. The 
secondary coil 1s wound around 
the primary, and the core con- 
centrates the magnetic field. 
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former, but direct current is stopped. 
And generally the voltage (pressure) 
of an electric signal is changed as it 
passes through the transformer. 

A transformer in its simplest form 
consists of two separate coils of in- 
sulated wire wound round the same 
iron core. Each coil is part of a 
separate circuit. Current flows into the 
transformer through one coil, the 
primary, and another current, the 
image of the first one, flows out 
through the other coil, or secondary. 
When an electric current flows in a 
coil of wire, the coil behaves as 
though it were a magnet. This is an 
electromagnet effect, and both direct 
and alternating currents produce it. 
A magnet influences not only objects 
actually touching it, but also those 
near it. In other words, an electric 
field extends around the magnet. This 
will be a constant field if D.C. flows 
in the primary, and a changing field 
if A.C. flows. 

By winding the coil on an iron ring, 
the field is concentrated in the ring 
(strong magnetic fields are always 
made with the aid of metals contain- 
ing iron). The two coils are both 
wound on the same iron ring, and the 
secondary therefore lies in the field 
produced by the primary. The con- 
stant field produced by a direct 
current in the primary will not 
usefully affect the secondary. But the 
varying strength of an alternating cur- | 
rent causes a building and collapsing — 
magnetic field that induces a varying — 
current to flow through the secondary | 
(provided, of course, that the second- — 
ary circuit is completed). In fact, the 
secondary current is proportional to | 
the rate of change of the primary cur- 


rent (i.e. the rate at which the 
magnetic field builds up and col- 
lapses). When the primary current is 
not changing (D.C. current), no 
current flows in the secondary. An 
alternating signal in the secondary 
will be very similar to the signal put 
into the primary. But its voltage may 
be larger or smaller, and its current 
may be smaller or larger. The reason 
for this is that the two coils may have 
different numbers of turns. The volt- 
age across each coil will be propor- 
tional to the number of turns in the 
coil, and, in an ideal transformer, the 
ratio of the voltage going into the 
transformer to the voltage going out 
is simply the ratio of the number of 
turns in the primary to the number in 
the secondary. Say there are 10 turns 
in the primary and 50 turns in the 
secondary. Then 1 volt applied across 
the primary coil will become 5 volts 
across the secondary coil. 

What is more important is that 
power must be transmitted across the 
transformer. Electricity is usually put 
to work, and power is its rate of 
doing it. Electric power is current 
multiplied by voltage: 
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Power (in watts) = amps x volts. 
If there are 2 amps at 1 volt then the 
power is 2 watts. This is to be trans- 
ferred from primary to secondary. 
2 watts pass through the secondary, 
but this is now at 5 volts pressure. 
What can the current be in the 
secondary ? 
power (in watts) 


Current = 
voltage 
so current = pth el Oe 
aves "oe 


So the maximum possible current 
in the secondary is only 2 amp. 

This is the principle behind its use 
in the electricity supply network, 
where transformers increase the volt- 
age and reduce the current so that it 
can be transmitted without losing 
much energy (Energy loss through 
heating is I?R, where I is the current 
and R is the resistance.) These are 
called step-up transformers. Step-down 
transformers decrease the voltage to a 
safer value at the end of the line. In 
the telephone the transformer steps 
up the signal voltage about twice, and 
reduces the current and resistance loss 
along the wires. It also divides the 
alternating signal from the direct 
current passing through the micro- 
phone. In a full-wave rectifier used 


When a to-and-fro alternating current 

flows in a coil it causes a rapid building-up 
and collapsing of a magnetic field. If a 
second coil 1s placed near the first cotl, the 
changing magnetic field causes an altern- 
ating current to flow in the second coil. 
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in a radio detecting circuit, the 
secondary coil is split into two, each 
going to a separate diode. One prim- 
ary may give power to several 
secondaries. 

Another very important use of the 
transformer is called matching. As 
well as changing the voltage of an 
electric signal, it can alter the effective 
value of resistances included in 


primary and secondary circuits. This 
will be described in later articles. 


| PROPERTIES OF MATTER | 


THE KINETIC THEORY OF GASES 


A molecule of gas striking the side of a container exerts a pressure upon it. Similarly, 
a ball thrown against an open door exerts a pressure. Hence the door closes. 


HE kinetic theory of gases assumes 
that gases are made up of very 
small particles (molecules) which are 
in constant motion. The average 
speed at which the molecules move 
varies from gas to gas under similar 
conditions, the rule being that the 
larger the molecules the slower they 
move. But for any one gas the average 
speed at which its molecules move 
depends upon the temperature of the 
gas. If the gas is heated, its molecules 
are given the energy to move faster. 
Temperature is simply a measurement 
of the average energy of the molecules. 
Moreover, these molecules are treated 
as perfectly elastic. Being constantly 
in motion, they are continually bump- 
ing into each other and bouncing off. 
Now, if a rubber ball is dropped on 
the ground it will bounce more than 
once but at each rebound it will rise 
less off the floor. In other words, the 
bouncing ball loses energy as it 
repeatedly strikes the floor. But the 
molecules of a gas do not lose any 
energy when they strike each other 
and rebound. 

Molecular movement explains the 
behaviour of gases with relation to 
temperature and pressure changes. At 
a certain temperature and pressure 
the same number of molecules of any 
gas take up the same amount of space. 
But if the temperature of the gas is 
increased the molecules are given the 
energy to move faster. They bump to- 
gether harder and bounce farther 
apart. In other words they take up 
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more space. But if the molecules are 
not allowed to take up more space, 
i.e. if they are contained in a rigid 
closed container, the pressure of the 
gas will increase. This is under- 
standable, for the pressure of the gas 
on the walls of the container is 
simply the force exerted as the mov- 
ing molecules strike them. If the 
molecules are speeded up they will 
strike the sides of the container 
harder. 

This also explains why the temper- 
ature of a gas increases when its 
volume is decreased. Imagine a con- 
tainer of gas with the sides moving 
together. When a molecule of gas 
strikes a surface which is already 
moving towards it, the speed at which 
it rebounds is greater than the speed 
at which it was originally travelling. 
In the same way, a cricket ball 
striking a bat which is already moving 
rapidly towards it, rebounds at a 
greater speed than it would if the bat 


was stationary. Thus the molecules of 
gas move faster and the temperature 
of the gas increases. This explains 
why a bicycle pump, in which air is 
continually being compressed, quickly 
grows hot. 

If, on the other hand, the volume 
of gas under a certain pressure is 
suddenly increased, the temperature 
of the gas will decrease. In this case 
you need to imagine the walls of the 
container moving outwards. The 
molecules of gas are now striking a 
surface which is moving away from 
them and in this case they rebound at 
a slower speed than that at which 
they struck. And if the speed, and 
hence the energy of the molecules, 
decreases, so does the temperature of 
the gas, since both are the same thing. 


VELOCITY OF MOLECULES —> 


Graph showing that different molecules 
travel at different speeds in the same gas 
under similar conditions and that the 
average speed increases with temperature. 


This is why air feels cold when it is 
allowed to escape from an inner tube 
where it has been under considerable 
pressure. It must be borne in mind 
that the kinetic theory of gases is 
simply a model to explain the be- 
haviour of gases. 


Diagrams to show that the speed at which the molecules of a gas move (1.e. the temperature 
of that gas) remains constant when the volume remains constant but increases when the 
volume decreases (i.e. when the sides of the container move inwards) and decreases 
when the volume increases (t.e. when the sides of the container move outwards). 


TECHNOLOGY 


N electric current is a flow of 


electrons along a wire produced 
when there is a difference in voltage 
(electrical pressure) between the ends 
of the wire; so an electric current 
cannot be stored. It is possible, 
however, to convert electrical energy 
into other forms of energy which can 
be stored. When an electric current 
is again required, some of the stored 
energy can then be turned back into 
electrical energy. 


Such is the arrangement with the 
motor-car 
battery. When the car is in motion, . 


group of cells in a 
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not only does the engine drive the 4 


wheels, it also drives a dynamo which 


generates a direct current of electricity. - 
This current is usually sufficient/ 


to supply the ignition system of the 
engine, and any accessories such as 
windscreen wipers and lights as may 
be in use, while leaving a surplus 
which flows into the battery to be 
converted to chemical energy. This 
chemical energy is held in reserve 
until required for operating the 
starter motor and parking lights and 
also to supply all the electricity 
required by the car when the engine 
is running too slowly for the dynamo 
to work. 

Various faults may develop from 
time to time in the electrical arrange- 
ments of the car, and as a result the 
battery will not receive sufficient 
electrical energy to convert to 
chemical energy. The deficiency in 
the battery can be _ temporarily 
remedied by charging it from another 
source. 

Whichever source of electrical 
energy is used (the dynamo of the 
car or a supply outside the vehicle), 
the battery can only be charged by a 
direct current. The supply should have 
a voltage (electrical pressure) slightly 
higher than the normal voltage out- 
put of the battery. The charging 
current must be passed through it 
in the reverse direction to the normal 
flow of current from the battery. In 
battery chargers the required direct 
current is generally obtained from the 
mains alternating supply. 
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Two 12-volt batteries (six cells each) are connected in parallel to the charger, while the 
density of the acid in the 6-volt battery is being checked with a hydrometer. 


The voltage is first adjusted by 
passing the alternating mains supply 
into the primary coil of a step-down 
transformer. (Transformers only 
function with alternating currents.) 
By correct choice of the number of 
turns in the primary and secondary 
coils, the voltage in the secondary 
circuit is reduced to a satisfactory 
value. The ever-fluctuating alter- 
nating current is converted into one 
which flows in one direction only by 
means of a metal rectifier. This acts 
in much the same way as a diode valve 
(Issue No. 15, page 230), but it is 
much cheaper and less likely to suffer 
damage. The metal rectifier com- 
prises a stack of discs cut from sheets 
of copper the surfaces of which have 
been allowed to oxidize. Between 
pairs of copper discs there are lead 
washers to provide good electrical 
contact. 

The rectified current flows in only 
one direction, but it still fluctuates. 


Much of the variation can be re- 
moved by passing the current through 
a smoothing coil so that the output of 
the charger is reasonably steady. 

When a lead accumulator (the 
type most frequently used in cars) is 
fully charged the negative plates are 
covered with spongy grey lead while 
the positive plates are covered with 
brown lead peroxide. The electrolyte is 
strong sulphuric acid. As the chemical 
energy in the cell is converted into 
electrical energy white lead sulphate 
is formed on both plates and in 
consequence the strength of the sul- 
phuric acid falls. 

The charging process causes the 
lead and lead peroxide to re-form 
and the strength of the acid to 
increase. As the density of strong 
sulphuric acid is greater than that of 
the weaker acid, a hydrometer (a 
simple device for measuring the den- 
sity of liquids) is used as a quick 
check on the state of a battery. 
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| PHYSIOLOGY | 


AUTON OM TAC 


Nervous 


HE system of nerves spreading 

through the body is referred to 
as the peripheral nervous system. The 
outer or somatic part links up the sense 
organs that provide the animal with 
a ‘picture’ of the outside world, with 
the effectors that move the animal 
towards food or away from danger. 
But in order that these sense organs 
and effectors function, the inner 
machinery of the body must be 
functioning smoothly and the rate 
at which it works must be adjustable 
so that the varying demands of the 
outer structures may be satisfied. 
When an animal is moving, its 
muscles require a greater supply of 
oxygen than when it is lying down. 
The heart must beat faster to supply 
more blood and this blood must be 
supplied with sufficient food and 
oxygen, the lungs must be filled with 
air and emptied more frequently, the 
blood vessels to the muscles must be 
expanded and more channels opened 
up there to cope with the increased 
supply of blood. 
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THE PATH OF SYMPATHETIC FIBRES OUT OF THE 
SPINAL CORD 
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Systems 


The nerves that co-ordinate the 
inner workings (e.g. smooth muscle of 
the gut and blood vessels, and the 
glands) form the visceral part of the 
peripheral nervous system. The visceral 
motor nerves are usually called the auto- 
nomic nervous system although they are 
controlled by the central nervous sys- 
tem just as the somatic motor system is. 
The autonomic nervous system is often 
referred to as the involuntary nervous 
system since we have very little 
conscious control of its activities, but 
with training it is possible to change 
the size of the pupil of one’s eye or to 
increase the speed of one’s heartbeat. 


The cell bodies of somatic motor nerve 
cells are inside the spinal cord (see Issue 
27, pages 418-420), but a characteristic of 
the visceral motor system is that the cell 
bodies of the final motor nerve cells (those 
that are in contact with the organ that 
they supply) are outside the spinal cord. 
These cell bodies are grouped together to 
form ganglia that lie either close to the 
spinal cord along nerves or actually in 
contact with the organs that they supply. 
Thus, whereas the axon of a somatic motor 
neuron is long and carries impulses out 
from the spinal cord to the structure 
concerned, the typical visceral motor nerve 
is composed of two parts. One runs from 
the spinal cord to a ganglion and is called 
a preganglionic neuron; the other links with 
the preganglionic neuron in the ganglion 
and passes to the organ that it supplies. It is 
called a postganglionic neuron. In mammals 
the preganglionic neurons usually have a 
fatty myelin sheath (they are myelinated), 
but the postganglionic neurons have no 
sheath and are said to be unmyelinated. 

The autonomic nervous system may 
be divided into two parts, sympathetic and 
parasympathetic. Generally their actions 
are opposite and their positions in relation 
to the spinal cord are different (see illustra- 
tion). Sympathetic nerves arise from the 
spinal cord between the neck and waist 
region. Parasympathetic nerves arise from 
the headand fromthesacral region (between 
the waist and tail). Sympathetic pregangli- 
onic fibres leave the nerve cord by ventral 
roots as do somatic motor nerves, but para- 
sympathetic fibres leave by both dorsal and 
ventral roots. Each preganglionic fibre is 
connected with many postganglionic fibres. 

Though the two parts of the autonomic 
system arise in different parts of the spinal 
cord their branches spread nearly every- 
where within the body. Most organs 
receive both sympathetic and parasympa- 
thetic neurons, though some (e.g. sweat 
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A simplified diagram of the human auto- 
nomic nervous system. 


glands) receive only one (in this case the 
sympathetic). The gut, for example (apart 
from the sphincter muscles), relaxes when 
it receives signals through sympathetic 
neurons. Signals through parasympathetic 
fibres cause it to contract. The sphincter 
muscles are affected in the opposite way, 
contracting on the receipt of impulses from 
the sympathetic and relaxing on receipt 
of signals from the parasympathetic. On the 
other hand the actions of the two systems 
may not strictly be opposite. The salivary 
glands produce a thick slime (mucus) when 
stimulated by the sympathetic system, but 
they produce the more watery saliva when 
stimulated through parasympathetic fibres. 

The action of one system on different 
parts of an organ system may vary con- 
siderably. Signals from sympathetic nerves 
increase the strength and rate of the heart- 
beat, but the main arteries leaving the 
heart relax, so allowing an increased flow 
of blood. Sympathetic nerves usually cause 
the musculature of the rest of the blood 
system to constrict. During digestion the 
blood flow to the gut is increased by the 
gut blood vessels relaxing. At the same 
time the blood supply to the muscles is 
reduced to allow for this. 

The actions of the autonomic nervous 
system are many and varied (the table lists 
a few). Experiments indicate that the 
sympathetic part is concerned with pre- 
paring the animal for violent action and 
for withstanding abnormal conditions. The 
parasympathetic system is more concerned 
with re-establishing normal conditions in 
the animal once it has been involved in 
strenuous actions, so that it is ready once 
more to expend large amounts of energy if 
necessary. Parasympathetic nerves initiate 
peristalsis (contraction of the gut) and 
stimulate the production of digestive juices 
by the associated glands. Parasympathetic 
fibres also supply. the heart, lowering the 
frequency and strength of the heartbeat. 


| APPLIED SCIENCE 


COTTON 
SPINNING 


ALF the textile fibres produced 

in the world are of cotton. It is a 
highly versatile product, its uses vary- 
ing from the making of shirts to the 
insulation of electric wires. It should 
not be thought, however, that all 
cotton is of the same kind, for there is 
considerable variation between, for 
instance, West Indian Sea Island 
cotton, with its fine, silky fibres 2 
inches long, the cottons of Egypt and 
the Sudan (whose fine fibres are 
about 14 inches in length) and those 
of the United States (with rather 
thicker 1-1} inch fibres). All these 
types of cotton fibres have their own 
special purposes. Almost half of the 
world’s cotton is grown in the U.S.A. 
The most important traditional area 


serving in Nature to ‘parachute’ the 
seeds away, distributing them over a 
wide area. On the plantations the 
bolls must be picked from the plants, 
and then taken to the gin where the 
fibres are stripped away from the 
seeds. This is important, because the 
cotton often has to be transported 
for long distances from the plantation 
to the textile mills, and the seeds, 
very short fibres and dried pods make 
up a considerable proportion of the 
total weight. The next stage is to 
compress the fibre, which looks rather 
like cotton wool, into large bales so 
that it takes up less space and can 
be carried to the mills more con- 
veniently and with less expense than 
would otherwise be the case. 


Picking the cotton bolls by hand. Some- 
times picking 1s now carried out by machine. 


which accomplish these operations— 
the bale breakers, the openers and the 
scutchers—use a variety of spiked 
rollers, beaters and suction devices. 
They work on the cotton until it 


Bale breaking. The large bales of com- 
pressed cotton are broken up into the fluffy 
state in the mill. 


of cotton manufacture in Britain is, 
of course, Lancashire, where the 
availability of water, fuel, labour and 
good ports brought the industry to 
this region in the early years of the 
Industrial Revolution. 


Cotton to the Mill 

The cotton boll is a mass of fibrous 
material in which the seeds of the 
cotton plant are enclosed, the fibres 


The carding engine reduces the cotton lap 
to a thin ‘film’ of parallel fibres by 
‘combing’ it against the teeth of a cylinder. 


From Bale to Roving 

On arriving at the cotton spinning 
mill, the bale is sent to the Blowing 
Room. The main purposes of the 
operations carried out here are to 
break the cotton bales down into their 
former fluffy state and to extract the 
dust and dirt, ready for the next 
process. Here, too, bales of cotton 
of different kinds are mixed together, 
to give an even quality. The machines 


For high-quality yarns the fibres from the 
carding engines are later passed through 
combing machines. 


emerges as a kind of soft roll of felt 
(lap), which is passed on to the Card 
Room. 

The cotton lap is composed of fibres 
of varying lengths, laid haphazardly 
across one another. It is the job of 
the Card Room to draw out the fibres 
so that they lie parallel, and to 
remove short fibres which may other- 
wise cause trouble later on. The 
carding engines or cards are basically 
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A view of a spinning mule in action. The rovings are drawn out finer through horizontal rollers and then passed onto the spindles. 
As the spindles move away from the rollers (t.e. towards the worker) the yarn slips off the spindle ends, thus inserting the twist into the 
yarn. The yarn is wound onto the cop on the return journey. 


stiff, revolving brushes, and the lap 
is fed on to them (see illustration) 


Diagram of the way in which the drafting 
rollers draw out the thread more finely. 
The first rollers spin more slowly than 
those farther on, and the thread is thus 
pulled out. 
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over a system of rollers. On the main 
carding cylinder the lap is passed 


between the wire bristles and flats, . 


a process which disentangles the fibres 
and removes the very short ones. 
The cotton emerges from the card as 
a filmy web which is gathered to- 
gether in a loose ropelike form known 
as a card sliver. In the case of high- 
quality yarns the sliver is then passed 
through a comber, where the cotton 
fibres are combed (rather like comb- 
ing the hair) until they are parallel 
to each other. A selected proportion 
of the shorter fibres is removed. After 
this they are once more converted 
into slivers. 

The slivers, for all kinds of cottons, 
are now fed to the draw frames, where 


the main process of drawing out the 
fibres (fibre drafting) is carried on. 
A number of slivers are passed to- 
gether between pairs of rollers (see 


illustration) which revolve at different — 
speeds. The rollers at the end of the © 
machine turn more quickly than those — 


at the beginning so that the strands of 
cotton are pulled out and made 
thinner and finer. The cotton is then 
fed through narrow ‘funnels’ to 
emerge as a single draw frame sliver. 
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From the draw frame to the speed | 


Jrame. Here the machine draws out the 
sliver into a much thinner form, work- 
ing on a similar principle to that of 
the draw frame. The resulting cotton 


is known as intermediate or roving and — 


is wound onto large wooden bobbins. 


During this ‘stage a slight twist is 
given to the roving in order to 
strengthen it and prevent it from 
breaking. It is as roving that the 
cotton is passed to the spinning 
machines proper. 


Spinning the Yarn 

There are two important methods 
of spinning cotton, i.e. producing the 
actual yarn or thread by twisting the 
fibres to give them strength. They are 
mule spinning and ring spinning, which 
take their names from the two kinds 
of machines, the mule and the ring 
JSrame. Until about twenty years ago 
best-quality cottons were always spun 
on mules, but the ring frame has since 
been improved to make good yarn at 
high speed. The difference between 
the two methods of spinning or twist- 
ing the roving into yarn can be seen in 
the diagrams shown on this page. In 
mule spinning the rovings from the 
bobbins are drawn out still finer (by 
rollers working in a similar way to 
those of the draw frame). The threads 
are then passed onto spindles mounted 
on a long carriage which can be 
moved back and forth horizontally 
from the bobbins. When the carriage 
moves away from the bobbins the 
spindles revolve and the yarn is 
twisted as it slips off the spindle end. 
On the return movement of the 
spindles the twisted yarn is wound 
onto the spindles. The packages of yarn 
produced by the mules are called cops. 

In ring spinning, a more modern 
process, the twist is inserted into the 


DRAFTING 
ROLLERS 


YARN 
ROTATING 
__ TRAVELLER 


REVOLVING 
BOBBIN 


TRAVELLER 


SPINDLE 
DRIVE 


Diagram of ring spinning. The yarn is 
twisted as it 1s wound onto the revolving 
bobbin by the action of the traveller. This 
rotates around the bobbin feeding in the 
yarn. 


ROLLERS 


Diagram of mule spinning, showing how 
the twist 1s inserted into the yarn as the 
spindles move away from the rollers. 


yarn in a rather different way. The 
roving is first drawn out more finely 
by rollers, then it is wound onto a 
revolving bobbin by way of a 
traveller. The traveller is a wire C- 
shaped clip through which the yarn 
is threaded and which, as the diagram 
shows, rotates around the bobbin, 
giving a twist to the yarn as it is 
wound. 

Once the yarn has been made it is 
rewound from the cops or bobbins 
on to the kind of reels (e.g. cones, 
cheeses, or warpers bobbins) needed 
by the cotton weaving mills. 
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IMPORTANT PROCESSES IN 
CONVERTING YARN INTO 
CLOTH 
Beaming. Winding the yarn onto a long 
roller (beam) to make the warp, the 
threads which run lengthways along the 

cloth. 

Sizing. Stiffening the warp with a sizing 
agent (starch) prior to weaving. 
Weaving. Interlacing the warp yarn with 
the weft (crossways) yarn on a loom to 
produce the woven cloth. 

Bleaching. Treating the cloth with bleach 
if necessary to obtain a pure white 
appearance. 

Dyeing. Dyeing the cloth to give it colour. 
Printing. Impressing a coloured pattern 
onto the cloth — the colours are usuall 
‘fixed’ at a later stage so that they will 
not wash out. 

Finishing. A term covering a number of 
processes carried out to produce the 
final cloth. The actual treatment of the 
cloth will depend on the purposes for 
which the cloth is to be used. Finishing 
processes include raising (brushing the 
cloth with wire brushes to obtain a nap 
or soft woolly surface), calendering 
(producing a ‘shine’ on the cloth by 
passing it through rollers which slip 
against its surface) and pre-shrinking (to 
avoid later shrinkage when the cloth is 
made up into garments). 


(Below) View of a ring frame as it 
twists the yarn while winding it onto the 
bobbins. 
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IRECT-current motors, like direct-current generators 

(Issue 2, page 19), are made from magnets and coils 
of wire. In the generator, a coil moves between the 
poles of a magnet and causes an electric current to 
flow in the coil. The motor is the exact reverse. A current 
flowing in a coil produces movement. The current in the 
coil makes it behave as though it were a magnet, with 
its own north and south poles. These poles attract or 
repel the poles of fixed ordinary magnets, and the 
combination of attractive and repulsive forces rotates 
the coil. Future articles will show how this simple prin- 
ciple is adapted and refined to drive motors which in 
turn drive machines. 


The coil’s rotation stops when unlike poles come together. 


Tr 
—_—— ae 
gah, 
BECAUSE THE COIL IS MOVING 
IT WILL SWING PAST THE FIXED 
MAGNET BEFORE COMING TO 
REST. 


The coil will also swing past. If nothing else happens, the coil will 
come back to rest in line. But ... 


The magnets come into line again, and the direction of current flow is 
changed a third time. 


W/ 


Like poles repel, unlike poles attract, and the movable magnet starts 
to rotate. 


i 


IN ALL THE DIAGRAMS 

BLUE ARROWS INDICATE 

THE REPULSIVE FORCE BETWEEN 
LIKE POLES AND PURPLE ARROWS 
THE ATTRACTIVE FORCE BETWEEN 
UNLIKE POLES 
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REPULSION 


The magnet now rotates between two opposite poles. A doubled 
force acts on it. 


...at this instant the battery terminals are changed. The polarity 
of the ‘ghost’ magnet changes. Each end is now repelled (like poles 
repel) and the coil continues to rotate. 


THIS IS THE SAME END OF THE ns f. 


MAGNET OPPOSITE THE NORTH 
POLE AS iN 8—ONLY THE 
POLARITY HAS CHANGED 


THE BATTERY TERMINALS 
HAVE BEEN CHANGED 
AND CURRENT NOW 
FLOWS IN THE OPPO- 
SITE DIRECTION 


After the fourth change. The battery terminals must be changed 
twice every complete rotation. 
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Acoil of wire behaves just like a magnet when current flows through Whenever unlike poles come together, the rotation stops. 


<wm VIRTUAL OR ‘GHOST’ 
' MAGNET CREATED 


BY THE CURRENT 
FLOW 
THE MOVING MAGNET 


SWINGS PAST THE FIXED 
MAGNET AND IS BROUGHT 
BACK INTO LINE BY THE 
ATTRACTIVE FORCE 


THE CURRENT DIRECTIONS 
SHOWN ARE THOSE OF THE 
ELECTRON FLOW—FROM 
NEGATIVE TO POSITIVE. 

THE POLARITY OF THE ‘GHOST’ 
MAGNET CAN BE FOUND 
USING THE LEFT-HAND 

RULE AT THE BOTTOM OF 
THE PAGE 


Unlike poles come together, and the magnet swings past the fixed 
pole before finally coming back to rest in line with the fixed magnet. 


The coil has now rotated through half a complete revolution. It ... when the battery terminals are again switched and the polarity is 
continues until unlike poles come together again. . . reversed. Now like poles (which repel) are together and the rotation 
iz continues. 
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he coil will go on rotating provided the direction of current flow 
changed whenever unlike poles come together. 


We can tell which pole is which by 
holding the coil in the left hand, so 
that the fingers wrap round it, point- 
ing in the same direction as the 
electron flow (from negative to 
positive). The thumb will then point 
to the north pole. 
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ATOMIC CHEMISTRY 


Molecular Weights and Equivalent Weights 


Atomic Numbers and Atomic Weights 


HYDROGEN ATOM 


| proton | electron 
Atomic number | 
Particles in nucleus = 


protons | 
neutrons 0 


Atomic weight | 


HYDROGEN 
ATOM 


CARBON ATOM 


6 protons 6 electrons 
Atomic number 6 
Particles in nucleus= 


NITROGEN ATOM 


7 protons 7 electrons 
Atomic number 7 
Particles in nucleus= 


OXYGEN ATOM 


8 protons 8 electrons 
Atomic number 8 
Particles in nucleus= 


FLUORINE ATOM 


9 protons 9 electrons 
Atomic number 9 
Particles in nucleus= 


Atomic weight 19 
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protons 6 
neutrons 6 


Atomic weight 12 


protons 7 
neutrons 7 


Atomic weight 14 


protons 8 
neutrons 8 


Atomic weight 16 


protons 9 
neutrons 10 


The weight of an atom (its atomic weight) is 
the number of times it is heavier than an atom of 
the lightest element, hydrogen. The hydrogen atom 
is taken as one unit of weight. 

Each atom has a central part or nucleus made up 
of protons (positively charged particles, weight |!) 
and neutrons (neutral particles of the same weight). 
To balance electrically the positive charge of the 
protons, layers or shells of ie ee charged 
electrons surround the nucleus. There are always 
whole numbers of particles, never half a particle. 

The atomic number is the number of protons 
in the nucleus of the atom. This must be a whole 
number. An atom is an atom of a particular ele- 
ment because it has that a number of 
protons in its nucleus. If it had any more (or any 
less) it would be an atom of a different element. 

As protons and neutrons each weigh one unit, 
the weight of an atom will be the sum of its neutrons 
and protons. Consequently atomic weights should 


all be whole numbers, simply the total number of 
particles (both protons and neutrons) in the 
nucleus. Sometimes however a noticeable pro- 
portion of the atoms of a particular element have a 
different number of neutrons from the majority of 
atoms of that element. This is the meaning of the 
term isotopes (Greek isos and topos ‘same place’; 
i.e. same place in the atomic number list equals 
same number of protons). In an element in which 
this occurs the weight of an atom of each isotope is 
different and the atomic weight of the element is 
simply the average of that of the isotopes according 
to their proportions. For example, chlorine con- 
tains a mixture of atoms of weight 35 and a smaller 
amount of atoms of weight 37. Taking into account 
the proportions in which both isotopes are pres- 
ent, the average weight is 35-5, which is the atomic 
weight of chlorine. The atomic weights of some 
elements work out very close to whole numbers, 
but the majority are awkward decimals. 


NOTE: Since oxygen combines with so many elements the atomic weight of oxygen (16-00 units) is usually taken as the standard 


with which all the other atomic weights are compared. 


SILICON ATOM 


Atomic number 14 


SULPHUR ATOM 


Atomic number I6 
Particles in nucleus= 


ALUMINIUM ATOM 


13 protons 13 electrons 
Atomic number 13 
Particles in nucleus= 

protons 13 

neutrons 14 


Atomic weight 27 


14 protons 14 electrons 


Particles in nucleus= 
protons 14 
neutrons 14 


Atomic weight 28 


16 protons 16 electrons 


protons 16 
neutrons 16 


Atomic weight 32 


POTASSIUM ATOM CALCIUM ATOM 


19 protons 19 electrons 20 protons 20 electrons 
Atomic number 19 Atomic number 20 
Particles in nucleus= Particles in nucleus= 
protons 19 


neutrons 20 neutrons 20 


Atomic weight 39 Atomic weight 40 


protons 20 


KNOWLEDGE of molecular and 
equivalent weights is important 

to the chemist because it enables him 
to know exactly what weights of 
chemicals must be mixed together to 
react without wastage. He can also 
calculate the weights of the products. 
The molecular weight of a substance 
is simply the weight of any one of 
its molecules. Even the largest atoms 
and molecules are so very light that it 
would be ridiculous to measure them 
in grams or ounces. For example, an 
atom of lead is quite heavy compared 
with the atoms of most other elements, 
but even so it weighs only about 
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POTASSIUM fn 
CALCIUM zn 


ATOMIC 
NUMBER 
ATOMIC 
WEIGHT 


0°00000000000000000000034 grams. 
So a different scale of measurement 
is used. An oxygen atom is taken as 
weighing sixteen units, i.e. its atomic 
weight is sixteen. The other elements 
are given their atomic weights by 
comparison. For example, an atom 
which is twice as heavy will have an 
atomic weight of thirty-two (sulphur 
as it happens). Molecules consist of 
atoms which are chemically com- 
bined together. Every atom has weight 
and consequently the weight of the 
whole molecule (molecular weight) is 
the total weight of its atoms. 

Using a list of atomic weights it 


VALENCY 


EQUIVALENT WEIGHT 


is very easy to calculate the weights 
of chemical substances that will 
exactly react with each other and 
just as easy to calculate the weight 
of the product. When powdered iron 
is strongly heated with sulphur, the 
compound iron sulphide is formed. 
Throughout the compound, an atom 
of iron has combined with an atom 
of sulphur to form a molecule of iron 
sulphide. The atomic weight of sul- 
phur is 32 and that of iron 55-8. The 
molecule of iron sulphide which con- 
sists of an atom of iron combined 
with one of sulphur has a weight 
of 55°8+32=87-8. The molecular 


Equivalent weight is equal to the 
atomic weight of an element divided 
by its valency 


MOLECULE OF 
METHANE CH, 


© ® 


+ ATOMIC | CARBON ATOM= 
WEIGHT 4 HYDROGEN ATOMS 


AMMONIA NH, 
© ® 


+ ATOMIC 
WEIGHT 


| NITROGEN ATOM= 
3 HYDROGEN ATOMS 


WATER H,O 


e SS 


4 ATOMIC | OXYGEN ATOM= 
WEIGHT 2 HYDROGEN ATOMS 


MOLECULE OF 
HYDROGEN —- 


 ] 2 


ATOMIC | FLUORINE ATOM= 
WEIGHT | HYDROGEN ATOM 


‘ RS aon 
3 "CHLORINE 

a ATOMIC AT 
WEIGHT 3 HYDROGEN 


MOLECULE OF SILICON 
DIOXIDE SiO, 


| SILICON 
ATOM= 


4 ATOMIC 

WEIGHT 4 ATOMS OF HYDROGEN 
MOLECULE OF CAUSTIC 
POTASH KOH 


1 com 


, HYDROXYL GROUP= 
|_ HYDROGEN ATOM 


ATOMIC 
WEIGHT 


MOLECULE OF CALCIUM 
HYDROXIDE Ca(OH), 


e@ @ 


“1 CALCIUM 
$ ATOMIC ATOM=2 HYDROXYL GROUPS 
WEIGHT _=2 HYDROGEN ATOMS 


NOTE: =MEANS ‘IS EQUIVALENT TO’ 
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Some Useful Atomic Weights 


Aluminium 27-0 Lead 207-2 
Calcium 40 Magnesium 24-3 
Carbon 12 Nitrogen 14 
Chlorine 35-5 Oxygen 16 
Copper 63-6 Potassium 39-1 
Fluorine 19 Sodium 23 
Hydrogen | Sulphur 32:1 
lron 55:8 Zinc 65-4 
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CHLORINE 35 


weight of iron sulphide then is 87-8. 
So if 55°8 grams of iron are mixed 
with 32 grams of sulphur there will be 
no iron or sulphur left over when the 
reaction takes place and 87-8 grams 
of iron sulphide will be formed. 
When the alkali caustic soda is 
being used to neutralise hydrochloric 
acid to form common salt and water, 
the solution becomes acidic if too 
much acid is added. Conversely if too 
little is added then the solution 
remains alkaline. For complete neut- 
ralization of both acid and alkali, 
exactly the right weights of each must 
be mixed. The molecular weight of 
caustic soda is the combined weight 
of one atom of sodium, one of oxygen 
and one of hydrogen (23+16+1= 
40). The molecular weight of hydro- 
chloric acid is the combined weight 
of one atom of hydrogen and one 
atom of chlorine (1+ 35°5=36°'5). 
36-5 grams of pure hydrochloric acid 
(i.e. hydrogen chloride) will exactly 
neutralize 40 grams of caustic soda. 
Potassium iodide is a colourless 
solution. If chlorine gas is bubbled 
into it, then the solution turns black 
because the chlorine takes the place 
of the iodine and the uncombined 
iodine that is set free is black in 
colour. 35:5 grams of chlorine 
(atomic weight of chlorine) can take 
the place of 127 grams of iodine 
(atomic weight of iodine). 35:5 grams 
of chlorine are equivalent to 127 
grams of iodine. 35:5 and 127 are 
the equivalent weights of chlorine and 
iodine respectively. Hydrogen also 
has an equivalent weight equal to 
its atomic weight (1). In 36-5 grams 
of hydrochloric acid there are 35:5 
grams of chlorine in chemical com- 
bination with one gram of hydrogen. 
That is an equivalent weight of 


ISOTOPES 


Chlorine, atomic weight 35-5, is a mixture of 
two isotopes, chlorine 35, and chlorine 37. 


CHLORINE 35 


Particles in nucleus=protons |7 
neutrons 18 


Total weight 35 


CHLORINE 37 


Particles in nucleus=protons 17 
neutrons 20 


Total weight 37 


CHLORINE 37 


chlorine combined with an equivalent 
weight of hydrogen. In 63 grams of 
nitric acid, an equivalent weight of 
hydrogen (1 gm.) is combined with 
62 grams of nitrate. The equivalent 
weight of the nitrate group, then, is 62. 

In the cases mentioned above the 
equivalent and atomic weights are 
the same. This is because all the 
elements mentioned (and the nitrate 
group) have a valency of one (Issue 7, 
page 102). 

For an element with a valency of 
two its equivalent weight is only 
half its atomic weight. When a piece 
of the metal magnesium (valency 
two) is dropped into a dilute solu- 
tion of hydrochloric acid there is 
fizzing and frothing as hydrogen gas 
bubbles off, and the acid is con- 
verted into a solution of magnesium 
chloride, each molecule of which 
consists of one atom of magnesium 
and two of chlorine. 
weight of magnesium is combined 
with two equivalent weights of 
chlorine, so the equivalent weight of 
magnesium must be only half its 
atomic weight (i.e. the weight that 
would combine with one equivalent 
weight of chlorine). Also in this re- 
action one atomic weight of mag- 
nesium liberates two equivalent 
weights of hydrogen. This is further 
evidence that its equivalent weight 

atomic weight 
equals —————_>—, 

Exactly the same argument applies 
to the metal zinc which also has a 
valency of two and behaves similarly 
with dilute hydrocholoric acid, form- 
ing zinc chloride. 

Ferric iron has a valency of three. 
When caustic soda is added to a 
solution of a ferric salt a brownish, 


One atomic — 


| 


rather jelly-like solid, ferric hydrox- 
ide, forms. In the formation, one 
ferric iron atom has replaced three 
sodium atoms. One ferric iron 
atom is equivalent to three sodium 
atoms. Its equivalent weight equals 
atomic weight 
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ATOM OF 
IRON 


Molecular Weights 


SULPHUR 


IRQN FILINGS 


55-8 gm.+32 gm.=87-8 gm. y 


: One atom of oxygen 


MOLECULE G 
OF 
WATER 


MOLECULE OF 
AUSTI : 
Sonn” One atom of sodium 
One atom of oxygen 


One atom of hydrogen 


Two atoms of hydrogen (2x 1!) 
Molecular weight of water 


Many chemicals in the laboratory 
are used in the form of solutions of 
various strengths. ‘These strengths are 
usually expressed in terms of equivalent 
weights (in grams) per litre of solution. 

If 1 litre of solution contains 1 
equivalent weight (in grams) of dis- 
solved substance it is called 1 normal or 
simply normal; if it has two equivalent 
weights then it is 2 normal and so on. 


MOLECULE 
OF 
IRON SULPHIDE 
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MOLECULE 


IRON OF WATER 


SULPHIDE 
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MOLECULE 
OF WATER 
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MOLECULE OF 
HYDROGEN CHLORIDE 


Molecular weight of caustic soda—40 


Two atoms of hydrogen (2x 1) 


One atom of sulphur 


Four atoms of oxygen (4x 16) 


Molecular weight of sulphuric 


acid 


RADICALS 


Radical 


NITRATE 


Weight of 


CHLORIDE 


Equivalent 
Weight 
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CARBONATE 


ye? ‘HYDROXYL 
GROUP 


RADICALS 


The equivalent weight of hydrogen 
is one and that of chlorine 35:5. A 
normal solution of hydrochloric acid 
will contain 36-5 grams of hydrogen 
chloride in a litre of solution. The 
equivalent weight of an element or 
group is the number of grams of it 
that will combine with or take the 
place of 1 gram of hydrogen or 35°5 
grams of chlorine. 


Equivalent Weights 


2 grams of hydrogen combine with 
16 grams of oxygen. An equivalent of 
hydrogen (1) would combine with 8 
of oxygen. The equivalent weight of 
oxygen is 8. 


Water can also be thought of as 
hydrogen hydroxide. | gram of hydro- 
gen combines with |7 of hydroxide. 
The equivalent of the hydroxyl group 
is 17. 


One gram of hydrogen combines with 
35:5 of chlorine. The equivalent of 
chlorine is 35-5. 


One gram of hydrogen combines with 
14+ (3x 16)=62 grams of nitrate. 
The equivalent of the nitrate group is 
62. 


24-3 grams of magnesium have com- 
bined with 71 grams of chlorine (2 
equivalents). 12:1 grams of magnesium 
would combine with an equivalent of 
chlorine. The equivalent of mag- 
nesium is 12-1. 


Weight of 
Radical 


Equivalent 


Valency Weight 


AMMONIUM 


475 


| AGRICULTURAL SCIENCE | 


OW-LYING areas and _ hollows, 

especially along river valleys, are 
frequently flooded after only a moder- 
ate rainfall. The fields (water meadows), 
even when they are not covered with 
water, do not support much more 
than grass and such marsh-loving 
plants as rushes and kingcups (Marsh 
Marigolds). This is because the soil 
is waterlogged, i.e. the spaces be- 
tween the soil particles are filled 
with water instead of air. Plant roots 
need oxygen in order to grow and 
ordinary plants cannot survive in 
waterlogged soil. The typical marsh 
plants have in their roots a system 
of passages and spongy tissue which 


Water draining through the chalk is forced 
out at springs along the line X- X. By 
digging a ditch along the spring line the 
water can be conveyed to the stream without 
waterlogging the surrounding soil. 
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Drainage 


enables oxygen to reach all parts 
of the root. 

Waterlogging is the result of cer- 
tain conditions in the underlying 
rocks, although low-lying regions may 
be temporarily flooded by water 
running off from the surrounding 
hills after heavy rains. When rain 
falls on to dry soil it is rapidly soaked 
up, the water being held on the sur- 
face of the soil particles. Further rain 


A powerful tractor is required to haul the 
mole through the heavy soil. 


is soaked up until the soil particles 
are completely covered with a film of 
water. Any more water runs down 
through the soil under the influence 
of gravity until it reaches an imperme- 
able rock (i.e. one which prevents 
penetration of water). Clays will 
not let water pass through them. 
As the water cannot penetrate any 
more it builds up gradually and 
forces air out of the soil spaces. This 
water is called ground water and its 
surface is called the water table. If 
the impermeable rock is near to the 
soil surface the water table may rise 
above the soil and create flooding. 
If the land slopes, the surface water 
will run off and the ground water will 
gradually drain away through the 
soil layers until it reaches a stream, 
but low-lying flat land will not drain 
quickly enough to be of use to the 
farmer. 

When the clay is a long way down, 
waterlogging will be rare as the water 
table will seldom reach the soil sur- 
face. If the clay is at the surface there 
will be no penetration of water and a 
pond will be formed in any slight 
hollow. Waterlogging may also be 
caused by continuous seepage from 
springs. If, on its passage through the 
ground, water meets a very porous 
rock such as sandstone or limestone, 
it will move along the rock as well 
as vertically downwards. When the 
water reaches the edge of the porous 
rock it will run out at a series of 
springs. If a spring occurs on a 
steep slope it may give rise to a 
stream, but on flatter ground a marsh 
will develop if there is an impermeable 
rock below the surface. 

Since much of the soil of river 


A generalised pattern of field drainage with its outflow into a small stream. 


valleys is rich in mineral plant foods 
the farmer cannot afford to let it 
remain as unworkable marshland. 
The value of draining land has been 
known ever since agriculture has been 
practised. Its purpose is to convey 
surface and ground water away 
quickly and to ensure that the water 
table does not rise above the lower 
limit of root growth. Flooding due to 
run-off or stream overflow may be 
dealt with by open drains. These are 
ditches cut through the fields in order 
to carry the water to a lower level 
and into the stream again more 
quickly than would occur by natural 
drainage. Open drainage schemes 
have been used on a large scale for 
draining the Fens of England and 
large areas of Holland. 

Although the open drain system is 
easy to keep clear it is not suitable 
for highly cultivated land as the 
ditches would hinder ploughing and 
other operations. Open drains are 
used on forested lands. 


Under Drainage 

When agricultural land requires 
drainage of ground water a system of 
underground drains is usually em- 
ployed. These may be pipe or mole 
drains. The pipe drains, as their name 
suggests, consist of a network of pipes 
placed at a certain depth under the 
surface. They are made of unglazed 
tile so that ground water will seep 
into them quite rapidly and be carried 
away. Thus the water table will not 
rise above the level of the drains. If 
an area is to be drained it must first 
be surveyed, i.e. the highest and lowest 
points must be determined together 
with the directions of the slopes. A 
plan can then be drawn up before 
the work is started. The steepest 
slopes are drained by a series of small 
parallel pipes (minor drains) running 
down the slopes. The minor pipes 
join larger ‘mains’ running along the 


shallower, lower slopes to the outlet 
at the stream or ditch. Great care is 
taken to ensure that the fall (i.e. the 
slope) of the drain is regular, but it 
must not be too steep or the running 
water may damage the pipes. Mech- 
anical ditchers are normally used to 
make the excavations. They can dig 
a regularly sloping channel regardless 
of slight ridges on the surface. The 
pipes are carefully laid so that there 
are no gaps through which soil can 
pass and possibly block the drain. On 
flat ground the channels are dug so 
that they get deeper towards the 
outlet. The pipes must be at a 
sufficient depth so that the normal 
ploughing operations will not disturb 
them. In light soil three to four feet 
is a very suitable depth. A heavy soil 
in which drainage is slow requires 


permanent crops (e.g. vines) are 
being grown on the land, or where 
other types of drainage are not 
practical. Mole drainage is such an 
alternative and is comparatively 
cheap. The minor drains are not 
tiled. They are channels formed by 
hauling a _ bullet-shaped piece of 
metal (the mole) about 3 inches in 
diameter through the sub-soil. The 
mole is attached to an arm behind a 
powerful tractor. It cannot auto- 
matically allow for large surface 
irregularities and is only suitable 
therefore when there is a_ steady 
fall of the land. As there are no pipes 
the walls of the mole drains collapse 
after a time and the field needs to be 
‘mole-ploughed’ again. In heavy 
clay soils the channels may stay open 
for several years, but in light sandy 
soil they very soon collapse, making 
mole drainage an uneconomic pro- 
position. Stony soil is also unsuitable 
for mole ploughing. Mole drains are 
between twenty and thirty inches 
deep to avoid possible collapse due 
to the pressure of tractors or other 
surface disturbances. Mole drains are 
not so efficient as pipe drains and 
need to be closer together. They 


Pipe drains being laid in a narrow channel excavated by a tractor-drawn machine. 


shallower drains—not more than 24 
inches from the surface. The character 
of the soil determines the distance 
between drains too. Twenty-four feet 
is a maximum in heavy soil, but drains 
go feet apart may be adequate for 
light soil. 

Pipe drainage is very costly and 
is economical only where valuable, 


empty into piped main drains which 
are laid down in the usual way. 

Where waterlogging is due to erup- 
tion of springs large open drains are 
again used. Deep channels, cut along 
the edge of the porous rock, convey 
the spring water into the nearest 
stream and waterlogging of the land 
is avoided. 
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ASTRONOMY 


The P 


"THE solar system in which we live 

i a group of heavenly bodies con- 
sisting of one star (the Sun), nine 
major planets (including the Earth) 
and their satellites or moons, thous- 
ands of tiny planetoids or asteriods, 
comets and meteors. Only the Sun 
has any light of its own. The planets 
and their moons shine merely because 
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Mercury is the smallest of the nine major 
planets of the solar system, with a diameter 
of only 3,100 miles (less than half that of the 
Earth). It is also the planet nearest the Sun, 
though the actual distance varies from 
28,500,000 miles to 43,500,000 miles, for Mer- 
cury has a very eccentric, or elongated, orbit. 

Many millions of years ago the strong é 


gravitational pull of the Sun slowed down — 


the spin of this small planet in such a way 


face to the Sun. In other words the t 
takes to revolve once on its axis is ex. 
same as the time it takes to orbit 
(88 Earth days). The result is that 0 
the planet experiences perpetual « day 
temperatures up to 370°C. (hot enou 
melt lead) while the other side is in pe 
darkness and intensely cold. M 
atmosphere like the Earth to mo 
night temperatures. As a s 
its gravitational force was i 
the surrounding gases which | 
boiled off by the fierce heat of 
Sun. All that remains are a - 
carbon dioxide. : 
The difficulties of examining 
from the Earth are considerable. 
is a very small planet which 
closer to the Earth than 50,000 
secondly, it is only visible for a 
after sunset and just before sunri 
however, be viewed during the day 


telescopes which are shielded fear the Sw 
It then appears dull white in colour with 
yellowish tinges. 


lar 


the Sun to 
planet circlin 
miles. It is very u 
the only solar S 

universe; there 


‘1 


arth 
early 
verage 
00,000 
an one 
s comes 
planet but 
y. Occasion- 
un and this 
nus. Since its 
e from that of 
e extremely rare 
AD 2004). 

see the surface of 
ays covered in dense 
his it is impossible to 
it takes for the planet to 
any astronomers believe 
ay lasts for about 30 of our 
cult to tell when there are 
ings to go by. 

mosphere consists mainly of 
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ges from about 55°C. on the side 
e Sun to below freezing point on the 
side. It is probable that the clouds 
elves are made up of water vapour like 
ur own. ee the surface temperatures 
of th ich higher than those of 
the clouds, for the layer of carbo 
would act as a great blanket, trapping the 
Sun’s heat like a greenhouse does. Some 


ACTUAL INCLINATION OF THE ORBITS OF THE 
PLANETS IN RELATION TO THAT OF THE EARTH 
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THE SUN. SCALE: 200 MILLION MILES TO THE INCH 
astronomers picture the surface to be one 
great wind-eroded monotonous desert, while 
others suggest that vast steaming oceans may 
exist there. In either case temperatures will 
be very high, possibly near the boiling 


point of water. 


For many years the Earth was treated 
as a very special planet, in fact as the centre 
of the whole universe. But really the status 
of our world is simply that of one of the 
smaller planets in the solar system. 

The Earth is the third planet in line from 
the Sun, around which it orbits at an average 
distance of 93,000,000 miles. Spinning on 
its tilted axis, it takes about 24 hours to 
complete one revolution (a day) and about 
365 days to complete one orbit of the Sun (a 
year). The Earth’s diameter is 7,926 miles 
across the equator but 27 miles less across the 
poles, owing to its slightly flattened shape. 
The atmosphere is composed mainly of 
nitrogen and oxygen and shields us from 
much of the Sun’s fierce heat. Temperatures 
at the surface vary cpoadenaply, The lowest 
so far recorded was —84:5°C. (—120°F.) near 
the South Pole, and the highest, 57-8°C. (136° 
F.), in Libya, North Africa. Over two-thirds 
of the Earth’s surface is covered with water. 
Our planet has one satellite, the Moon, 

; over 27 days. Our Moon 
will be described more fu abate icle. 
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The Earth has one very important claim 
to distinction as the home of Man. It is the 
only planet in our solar system where con- 
ditions are exactly right for life as we know 
it to exist. This, however, is not surprising, 
for life forms have evolved which suit their 
surroundings. It is also one of the most 
beautiful planets. Seen from the Moon it 


would appear as a large greenish-blue disc 
with shimmering blue oceans and sparkling 
white polar ice caps and with the continents 
clearly superimposed upon it. 


Mars, the first planet beyond the orbit of 
the Earth, is the one which has attracted the 
most attention and caused the most specula- 
tion through the ages. It is just over one- 
tenth the size of our planet and turns on its 
axis once every 244 hours. Mars takes 
687 days to circle the Sun but has a very 
elliptical orbit. At one point it is only 
128,000,000 miles from the Sun, and at 
another about 155,000,000 miles. The axis 
upon which Mars spins is tilted at an angle 
to the plane of its orbit, which means that 
this planet has seasons just as we do, though 
they are about twice as long as ours. Mars 
has two small moons, Deimos and Phobos. 

Mars is often thought of as the planet 
most likely to support life as we know it. Yet 
conditions there are very different from our 
thin atmosphere has only a very 
small amoun the remainder being 
made up mainly of nitro farther 


(Upper illustration) Mars as it appears through a 
powerful telescope. (Lower illustration) A sketch 
of the Martian ‘canals’. 
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away from the Sun than the Earth, Mars is 
naturally colder. On the equator day 
temperatures may rise to almost 27°C. (80 
F.), but nights are extremely cold. About 
two-thirds of the planet’s surface consists of 
desert-like regions, ranging from deep red 
to bright orange in colour. They may be 
sand deserts or simply vast stretches of 
reddish rock. This is what gives Mars its 
characteristic reddish colour even when 
viewed with the naked eye. The polar areas 
have very interesting snow caps which 
shrink to mere patches in the Martian 
summer, but spread out half-way to the 
equator in the winter. They are probably 
not more than a few inches deep and may 
be simply a frosty covering. 

The so-called ‘canals’ which lace the 
deserts have caused a great deal of specula- 
tion and it has been suggested that they 
were built by former inhabitants to distribute 
water from the snow caps across a planet 
which was slowly ‘drying up’. There is, 
however, no evidence to support this appeal- 
ing idea and some astronomers claim that 
they have never seen the canals. If they 
do exist, it is probable that they are natural 
features, but they may be an optical illusion. 

The best evidence for life on Mars con- 
sists of large greenish areas which may 
represent some form of simple plant life. 


THE ASTEROIDS 


Between Mars and the orbit of the next 
planet, Jupiter, is a wide gap occupied 
by a number of asteroids, tiny planets, 
mostly little more than great lumps of rock. 
The largest of these, Ceres, has a diameter 
of 480 miles. Something like 2,000 of these 
asteroids have been observed, though there 
may well be as many as 100,000 altogether. 
n_only be 
guessed at. Perhaps they resulted from 
break-up of a planet which passed too close 
perhaps several planets 
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Jupiter, showing the Red Spot. 


formed in this region crashed together 
and shattered into pieces. 


JUPITER 4, 
Distance from Sun (million miles): 483-3 
Diameter (miles): 88,700 
Volume (Earth=1): 1,312 
Mass (Earth=1): 318-4 
Density (Water=1) 1-34 
‘Day’: 9 hr. 51 m. ‘year’: 11°86 years 
Orbital speed (miles/sec.): 8-1 
Escape velocity (miles/sec.): 37 
Surface gravity (Earth=1): 2:64 
Satellites in order of closeness: Amalthea, lo, 


Europa, Ganymede, Callisto. 
(The outer seven are unnamed.) 


Jupiter is the giant of the solar system, 
measuring some 89,000 miles across. Its 
average distance from the Sun is 483,300,000 
miles and it takes nearly twelve of our years 
to complete its orbit. 

Jupiter has an unusual atmosphere which 
is divided into several broad belts each of 
which moves at a different speed. The belts 
are constantly changing colour and _ shift 
their position slightly from year to year. 
But the number always remains the same. 
Apart from these markings there is also a 
Red Spot, a large pinkish-grey patch which 
cannot be part of the planet’s surface because 
it moves at very irregular speeds. It has been 
suggested thatit issomeimmense floating body. 

The surface of Jupiter cannot be examined 
through a telescope because of the dense 
atmospheric clouds which hang above it. 
The atmosphere is believed to be made up 
mainly of hydrogen, methane and ammonia 
at an average temperature of around 
— 130°C. These two facts alone are enough to 
rule out the remotest possibility of any form 
of Earthly life being able to exist. But that 
is not all. The surface of the planet is 
covered with a layer of ice perhaps 17,000 
miles thick. Jupiter has twelve moons which 
circle it in different orbits. Four of the 
moons are bright enough to be seen with a 
small telescope. 


SATURN ) 
Distance from Sun (million miles): 886-2 
(miles): 75,100 
Volume (Earth=1!): 763 
Mass (Earth=1): 95-2 
nsity (Water=1): A 0-71 
‘Day’: 10 hr. 38 m. ‘year’: 29-46 years 
Orbital speed Sy aie ) 7 
locity (miles; 3 
Sartach pravicy (Earth= 1): 1-17 


Satellites in order of closeness: Mimas, Enceladus, 
Tethys, Dione, Rhea, Titan, Hyperion, Ons. 


Saturn is probably the most beautiful 
object in the sky, chiefly on account of the 
broad rings which encircle it. But being 
so far away (mean distance from the Sun 
886,200,000 miles) it appears as a dull 


480 ; 
Saturn with its rings. ® 


yellowish ‘star’ to the naked eye. This planet 
is quite small compared to its gigantic 
neighbour Jupiter, but even so it has an 
equatorial diameter of over 75,000 miles. 
The diameter across the poles is 8,000 miles 
less, so that there is a considerable polar 
flattening. Despite the fact that this planet 
is some 750 times the size of our own, its 
force of gravity is little more than the 
Earth’s, for the materials of which it is made 
are not packed so tightly. Like Jupiter, 
Saturn has a thick atmosphere of hydrogen, 
methane and ammonia below which lies a 
deep layer of ice. 

The spectacular rings—there are three of 
them, one inside the other—measure over 
170,000 miles from edge to edge, but they 
are only between 10 and 40 miles thick. 
Viewed edge on they appear as an extremely 
thin disc cutting the planet along its equator. 
They are composed of millions and millions 
of small pieces of rock, probably encased in 
ice. The rings may have been produced by 
the break-up of a satellite or perhaps they 
are made up of matter ‘left over’ when the 
planet was formed. Saturn has nine moons 
circling around it. Most of them are smaller 
than the Earth’s moon, but one, the giant 
Titan, has a diameter of 3,500 miles and is 
the only satellite known to possess its own 
atmosphere. 


URANUS yy 


Distance from Sun (million miles): 1,783 
Diameter (miles): 29,300 
Volume (Earth=1): 64 
Mass (Earth=1): 7 
Density (Water=1): 1-26 
‘Day’: 10 hr. 49 m. ‘year’: 84-01 years 
Orbital speed (miles/sec.): 42 

pe velocity (miles/sec.): 14 
Surface gravity (Earth=1): 0-92 


Satellites in order of closeness: Miranda, Ariel, 
Umbriel, Titania, Oberon. 


The next planet in line from the Sun, 
Uranus, was only discovered in 1781 but it 
can just be seen with the naked eye. Through 
a telescope it appears as a pale green disc 
without distinct surface markings. It is 
difficult to learn much about this planet 
owing to the fact that it is 1,783,000,000 
miles from the Sun. One unusual feature of 
Uranus, however, is the fact that its axis is 
tilted from the vertical, not just 3° like 
Jupiter’s or even 233° like the. Earth’s, 
but fully 98°. This means that we sometimes 
see Uranus end on with the north pole 
pointing directly at the Earth. It also means 
that the moons of Uranus (there are five of 
them) sometimes appear to follow a very 
strange path. When the planet’s equator 
faces the Earth they appear to climb up the 
side and disappear over the top. 

Uranus would be a very inhospitable 
planet to visit, with temperatures in the 
region of —190°C. and a poisonous methane 
atmosphere. 


NEPTUNE Y 

Distance from Sun (million miles): 2,794 
Diameter (miles): 27,700 
Volume (Earth=1): 43 
Mass (Earth=1): : 17-3 

ity (Water=1): 2:23 
‘Day’: 15 hr. 48 m. ‘year’: 164-79 years 
Exapd vebciie maioonee) “3 
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Surface gravity | Sea shan ry 1-44 


Satellites in order of closeness: Triton, Nereid. 


Neptune, the last of the giant planets, was 
discovered in 1846 by the German astronomer 
Johann Galle. It was discovered as a result 
of apparent irregularities in the movements 
of Uranus which could only be explained 
by the presence of another planet. It has 
a diameter of about 28,000 miles and is, 
on the average, about 2,794,000,000 miles 
from the Sun. As might be expected with an 
outer planet, it takes a long time to com- 
plete its orbit round the Sun, about 165 years. 

Neptune is so distant from the Earth that 
it cannot be seen with the naked eye. Even 
through a telescope it appears only as a 
small green disc, with rather light bands 
around its equatorial and polar regions. 
The surface conditions are a matter for 
speculation, but one thing is certain: the 
amount of heat received from the Sun is 
negligible and temperatures are in the 
region of —200°C. It has been suggested 
that the atmosphere consists mainly of 
methane with clouds of ammonia crystals. 
Neptune has two moons, Triton and Nereid, 
but little is known about them. 


PLUTO P 
Distance from Sun (million miles): 3,670 
Diameter (miles): 3,600 
Volume (Earth=1!): 2 
Mass (Earth=1): 2 
‘Day’ AS tae Fea ‘year’: 248-43 : 
Orbital speed (miles/sec.) : ee} 
be eae seer ? 
Satellites in order of closeness: none 


Pluto is the outermost known planet, 
some 3,670,000,000 miles from the Sun. 
It is also the most recent of the major 
planetary bodies to be discovered. Pluto was 
predicted by the American astronomer, 
Lowell, in 1905, but it was not until 1930, 
fourteen years after Lowell’s death, that 
Clyde Tombaugh, an astronomer at the 
Lowell Observatory, actually recognized 
it by photographing part of the night sky 
on successive nights and noticing a point of 
light which had moved considerably against 
the background. Pluto has a diameter of 
about 3,600 miles and takes a little less than 
250 years to circle the Sun. Beyond this 
little is known, for the most powerful 
telescopes show this planet as little more 
than a yellowish spot. But it is undoubtedly 
intensely cold there, and being so far from the 
Sun twilight must take the place of day. 

Some astronomers believe that Pluto 
is not a true planet by birth but an escaped 
satellite of Neptune. One reason for this 
hat it has a highly eccentric (elongated) 
bit. In fact its path actually crosses that of 
neighbour Neptune. Hence there are times 
en Pluto is nearer to the Sun than Neptune. 
Whether or not there are other planets 
in our solar system waiting to be discovered 
only time will tell. It has been suggested 
that Pluto is the nearest of a number of 
smaller bodies on the outer fringe of the 
solar system. 
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OERSTED and the Deflecting Needle 
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ANS CHRISTIAN OERSTED 
(1777-1851) was one of the many 
physicists who, in the early nineteenth 
century, were experimenting with 
the new ‘current electricity’, intro- 
duced by Volta a few years previously. 
They were looking for a connection 
between this and the age-old study of 
magnetism — at the time a completely 
separate science, still shrouded in 
mysticism. 

Oersted was born at Rudkobing in 
Denmark and studied at the Univer- 
sity of Copenhagen where, in 1806, he 
became Professor of Physics. His 
looking for a connection between 
electricity and magnetism entailed 
passing electric currents through 
wires and putting magnets in various 
positions near the wires. He hoped to 
get some interaction between the 
electricity and magnets. But he was a 
notoriously bad experimenter, and 
had always to have an assistant at 
hand to help perform the simplest 
experiment. It is said that Oersted’s 
epoch-making discovery was in fact 
an accident. 

In 1819 he was lecturing to students 
and showing them that the current 
flowing in a wire held over a magne- 


he 


right) and his assistant held the wire over the compass in a N-S direction. The compa 


tic compass needle and at right angles 
to it (te. East-West) had no effect 
on the needle. Oersted suggested to 
his assistant that he might try hold- 
ing the wire parallel to the length of 
the needle (i.e. North-South). The 
assistant obeyed and the needle was 
at once deflected. 

This was the first recorded instance 
of a wire behaving like a magnet 
when a current is passed through it. 
Oersted knew that exactly the same 
deflection happened when the wire 
was replaced by another magnetic 
compass needle. He had discovered 
electromagnetism. In further experi- 
ments Oersted interposed all manner 
of materials between the wire and the 
needle, and showed that the influence 
of the wire could pass through. He 
thus confirmed that the current flow 
had set up a magnetic field around the 
wire. The field from the wire had 
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ss needle was deflected. 


interacted with the field from the 
compass needle. When wire and 
needle were parallel the combined 
effect of their fields was to deflect 
the needle away from the north. 

Later experimenters, such as 
Ampere and Faraday, were to formu- 
late the laws which govern electro- 
magnetism. Faraday increased the 
magnetic effect of Oersted’s single 
wire by bending it round into coils. 

In common with many of the other 
early workers in electricity, Oersted’s 
name has been given to an electrical 
unit. The oersted is a unit of mag- 
netic field strength or intensity. 


Oersted showed that a wire behaves like a 
magnet when a current flows through it. 
Change the direction of the current, and the 
needle is deflected the opposite way. The 
current sets up a magnetic field around the 
wire. 
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The HUMAN HEART and the Girculation 


ARTERY DIVIDES INTO RIGHT LEFT COMMON CAROTID (to head) LEFT SUBCLAVIAN ARTERY (supplies left arm) 
COMMON CAROTID ARTERY AND eet STE tee i 
RIGHT SUBCLAVIAN ARTERY - ~~ ee 

amg Ss AORTA (carries blood from the 


ANTERIOR 2 : & heart) 
VENA CAVA r ' 7 LEFT BRANCH OF 
\ PULMONARY ARTERY 


(carries blood 
from head and (carries blood to the 
left lung) 


arms) 


PULMONARY VEINS 
(carry blood from 
left lung) 


BRANCHES OF 3 t a) 
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ARTERY . 7 

(carry blood to 
right lung) 


LEFT AURICLE 


RIGHT 
AURICLE 


LEFT 
VENTRICLE 


POSTERIOR VENA CAVA 
(carries blood from the 
lower parts of the body) 


RIGHT VENTRICLE 


The human heart viewed from in front and 
partly cut away. 
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WHILE working normally we are 
hardly aware of the heart’s rhyth- 
mic beat, but after strenuous exercise 
it beats so much more strongly that 
we may feel as though it is trying to 
burst its way out of the body. This is 
but one instance of the way in which 
the activities of some parts of the body 
are continually changing to cope with 
the varying demands of other tissues. 
Just as the heartbeat varies so does 
the blood supply to different parts of 
the body. When we move, the supply 
to the muscles is increased, more 
channels are opened up there to carry 
the increased supply in order that the 
tissues can receive greater quantities 
of fuel and the oxygen needed to burn 
it. At the same time the supply to the 
skin and the gut may be cut down. 

Thus, though the larger vessels are 
constantly carrying blood, the extre- 
mities of the system may be opened 
and closed as the situation demands. 
Even so the diameter of the large 
vessels can be increased or decreased 
as the volume of blood flow rises or 
falls so that all parts of the system 
are plastic. 

We know that most of the sub- 
stances in the blood are not confined 
to the system of blood vessels. Oxygen 
and the products of the digestion of 
food pass out of the capillaries into 
the tissues and waste materials etc., 
pass in. When the muscles are work- 
ing the extra fuel that they need 
(glucose) is released into the blood- 
stream by the liver. The kidneys 
extract waste matter from the blood 
so that its composition on entering 
and leaving that organ is changed. 


The Heart Cycle 


. Between heartbeats (i.e. 
when the heart is relaxed) 
both auricles are filled 
with blood. A little 

may enter the ventricles. 


2. The valve between each 
auricle and ventricle opens 
as the auricles contract 
and the ventricles are 
filled with blood. 


Not only are parts of the vessel 
system adjustable but also the fluid 
within them is continually having 
some materials added to it and others 
taken away. 

Mammals and birds are the only 
warm-blooded animals. To maintain 
a high body temperature large quan- 
tities of fuel and oxygen are required 
by the tissues whose work produces 
large amounts of waste materials. 
These must be removed rapidly and 
fuel and oxygen supplied quickly if 
the tissues are to continue to function 


pass only through the capillary sys- 
tem in the tissues on its way round 
the body. In fishes where the heart. 
is not divided into two_ halves, 
deoxygenated blood is pumped to 
the gills for oxygenation and passes 
through a set of capillaries there 
before flowing to the tissues. Blood 
in fishes reaches the tissues at a 
fairly low pressure (an article on 
blood systems in animals other than 
man will follow). 

The human heart is a muscular 
four-chambered sac situated under- 


is much thicker. (Right) A capillary (highly magnified) has a wall only one cell thick. 
This is a continuation of the inner lining of an artery. 


efficiently. Thus blood must be moved 
rapidly round the body. In man the 
heart beats approximately seventy 
times per minute and a complete 
circulation takes approximately twen- 
ty-five seconds. The blood is pumped 
to the tissues under a high pressure. 
This is the result of the double circula- 
tion; an arrangement by which blood 
poor in oxygen, returning to the 
heart from the tissues, is kept separate 
from blood rich in oxygen that has 
returned from the lungs and is about 
to be pumped round the body again. 
Oxygenated blood, therefore, has to 


PULMONARY 


ARTERY 


3. The ventricles 
contract, forcing blood out 
of the heart through the 
valves in the aorta and 
pulmonary artery. 


neath the breastbone and between 
the lungs. It is divided vertically into 
right and left halves and each half 
has two compartments. The top com- 
partments are called auricles (or 
atria) and the lower ones ventricles. 
The latter have thick muscular walls 
by whose contraction blood is forced 
out of the heart to the lungs and to 
the body. 

Blood from the head and body 
enters the right auricle through large 
veins. A valve opens to allow blood 
into the right ventricle which con- 
tracts forcing blood out through a 


4. The heart relaxes once 
more. The auricles fill 
with blood and the cycle 
ts ready to start again. 
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large vessel, the pulmonary artery, that 
has a right and a left branch. Each 
supplies a lung in which it splits into a 
branching mass of capillaries. The 
blood collects a new supply of oxygen 
in the lungs and returns to the heart 
through the pulmonary veins which 
enter the left auricle. A valve opens 
to allow blood into the left ventricle, 
which contracts forcing the blood, 
now rich in oxygen, round the body. 
Both auricles contract more or less 
together, as do the two ventricles, so 
that blood is forced to the lungs and 
to the body at.the same time, but at 
all times blood rich in oxygen (i.e. 
returning from the lung) is separated 
from blood poor in oxygen (2. 
returning from the body). 

Vessels that carry blood away from 
the heart are called arteries. These 
branch into smaller vessels called 
arterioles which break up in the tissues 
into capillaries — channels whose walls 
are only one cell thick. Because the 
capillaries branch so many times in 
the tissues and because they have thin 
walls, substances in the blood are 
brought into close contact with the 
cells and materials can pass easily 
between them. The capillaries join up 
again to form venules which come to- 
gether to form veins through which 
blood flows back to the heart. This 


blood is usually deoxygenated, though 
in the case of the pulmonary veins 
the blood is rich in oxygen. 


A diagram showing the nerve supply of the 
heart and the conducting system. 


The pressure at which the heart 
forces blood through the arteries 
gets smaller and smaller as the arteries 
branch and their diameters decrease. 
It is only about one tenth of its origi- 
nal value by the time the blood 
emerges from the capillary network 
into the veins. This venous blood 
pressure is not sufficient to force 
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blood back to the heart. How then 
does blood pass from the veins to the 
heart? The sucking action of the 
heart is partly responsible, but this 
too is not strong enough on its own. 
The veins themselves are able to 
contract and they help to force the 
blood into the heart. They have 
valves which prevent the blood from 
flowing away from the heart (the 
valves of the veins on the inside 
of the forearm can be seen as swel- 
lings by tying a bandage round the 
arm just above the elbow). Their 
walls are thin and not so muscular 
as those of arteries but the lumen or 
bore is greater. The contraction of 
the muscles also massages the blood 
along towards the heart. 

Heart muscle is striped in appear- 
ance but, unlike striated (voluntary) 
muscle fibres, its fibres are branched. 
The branching and interlacing of 
neighbouring fibres is ideally suited 
to that of an elastic bag-shaped 
organ which is repeatedly contracting 
and expanding. It is essential that 
the heartbeat should be smooth and 
that the beat of different parts should 
be co-ordinated. Though heart muscle 
beats of its own accord (i.e. without 
receiving nerve signals) the frequency 
of the beat is controlled by nerves. 
Two sets of nerve fibres supply the 
heart, one parasympathetic in the 
vagus nerve, the other sympathetic 
(see The Autonomic Nervous System, 
page 466). The heartbeat originates 
in one small area (the sinu-auricular 
node) in the wall of the right auricle. 
It consists of special muscle fibres and 
nerve fibres from the vagus nerve and 
a sympathetic nerve and is the so- 
called pacemaker of the heart. Signals 
from the vagus nerve slow the heart- 
beat, whilst sympathetic signals in- 
crease it. Contraction of the heart 
muscle spreads rapidly (one metre per 
second) over the auricles so that they 
beat more or less together. Another 
special area (the auriculo-ventricular 
node) takes up the beat of the auricles 
and passes signals along a band of 
tissue—the bundle of His — which 
branches to both ventricles. These 
beat almost together therefore. The 
wave of contraction spreads over 
them at one tenth of a metre per 
second. Heart muscle has a long 
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The human blood system. 


period of relaxation after a contrac- 
tion during which it will not contract 
again. This ensures that another heart- 
beat will not start before the last one 
has finished. The period of contraction 
is called systole and relaxation diastole. 
Systole takes four tenths of a second 
(the auricle one tenth of a second, 
the ventricle three tenths of a second) 
and diastole lasts for a further four 
tenths of a second, a total of eight 
tenths of a second. In times of stress 
the heartbeat may increase consider- 
ably. Various factors such as emotion, 
the rate of breathing, temperature, 
exercise, the volume of blood flowing 
into the right auricle and out of the 
aorta and the quantities of oxygen 
and carbon dioxide in the blood can 
affect the heartbeat. 


| ELECTRICITY 


D.C. Motors — The 


N Issue 30 (page 470) a direct 


Commutator 


oe DIRECTION OF FIRST POSITION OF COIL. THE NOR’ LE 
current of electricity was passed ROTATION. 
round a coil pivoted between two a Eetep oa Sk BKED MAGNE! 
magnetic poles, and the coil rotated. MAGNET *: SECOND, NEUTRAL POSITION. 
The rotation would continue in- \ tor Sea ek 
definitely provided the direction of the eee 


current was changed twice every 
rotation — in fact whenever the plane 
of the coil was at right angles to the 
magnetic field. 

The device which automatically 
changes the direction of current flow, 
and hence the polarity of the ‘ghost’ 
magnet is called a commutator. In the 
simple, one-coil electric motor the 
commutator consists of two semi- 
circular pieces of metal, separated by 
an air gap, which rotate between two 
fixed electrical contacts. Twice every 
rotation the contacts cross the gap in 
the commutator and so switch the 
direction of the flow of current round 
the coil. 

A one-coil motor will not run very 
smoothly, since the magnetic forces 
which rotate it vary with the relative 
position of coil and magnets. Twice 
every rotation it will jerk when the 
commutator switches the current. 
For increased power as well as 
smoothness of operation, the rotating 
part of D.C. motors is made from 
many coils of wire, insulated from 
each other, (The coils of wire are of 
course wound from one continuous 
length of insulated wire). The frame- 
work on which the coils are wound is 
called an armature, and is usually 
made of soft iron, which has the 
effect of concentrating the electro- 
magnetic field between the two pole 
pieces, and which loses its magnetism 
very quickly (this is necessary as the 
magnetisation is to be altered twice 
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A commutator for a single-coil motor. The direction of the current flowing in the coil is 
reversed when the gap in the commutator passes between the carbon brushes. 


every complete rotation). The coils 
are wound in a complicated way so 


that all the wires near the same 


magnetic pole carry currents in the 
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same direction, and the armature 
winding acts like a single coil with a 
single ‘ghost? magnet nearly in line 
with the two fixed magnets. For this 
purpose, the commutator is divided 
into many copper strips, separated by 
mica, an insulating material. The 
two contacts are made from carbon. 


The commutator in a many-coiled motor is 
arranged so that whenever a coil’s plane 
is at right angles to a line joining the 
magnets, the direction of current flowing 
in that particular coil is reversed. 


485 


CUPROUS COMPOUNDS CUPRIC COMPOUNDS 


VALENCY ONE 


we Te ee 


CUPROUS CHLORIDE, CuCi CUPRIC CHLORIDE CuCl, 


Pa 


P ae 
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CUPROUS SULPHATE, Cu,SO, 
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FERROUS CHLORIDE, FeCl, 


FERRIC CHLORIDE, FeCl, . 
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FERROUS OXIDE, FeO 


FERRIC OXIDE, Fe,0, 
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SULPHATE 
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FERROUS SULPHATE, FeSO, 


486 


| ATOMIC CHEMISTRY 


Double 
Valencies 


PREVIOUS articles have shown that when any 

chemical compound is formed, it is made up from 
atoms of two or more elements in fixed proportions. The 
number of atoms of each element in the compound is 
determined by the valency of the respective elements 
present. 

Thus one atom of hydrogen combines with one atom of 
chlorine to form a molecule of hydrogen chloride — the 
valency of both hydrogen and chlorine is said to be one. 
Likewise, one atom of sodium combines with one atom of 
chlorine to yield one atom of sodium chloride. This 
shows that the valency of sodium is also one. But as 
a molecule of magnesium chloride contains one atom of 
magnesium and two atoms of chlorine, the valency of 
magnesium is two. 

Dry chlorine gas reacts, under carefully controlled 
conditions, with warm white phosphorus to form a 
liquid chloride. In each molecule of this chloride (phos- 
phorus trichloride) there are three chlorine atoms and 
one phosphorus atom. In this compound phosphorus has 
a valency of three (is trivalent). However, if phosphorus 
trichloride is allowed to react further with chlorine, a 
colourless solid (phosphorus pentachloride) is obtained. In 
the latter compound, there are five chlorine atoms 


attached to each phosphorus atom — here the phosphorus 


is pentavalent (has a valency of five). So that phosphorus 
has two different valencies. Other compounds of phos- 
phorus such as the oxides and acids, also demonstrate the 
property of this element to form two series of compounds. 

There are a number of elements, both metals and non- 
metals, that exhibit this property of variable valency. 
Amongst the common non-metals, phosphorus (valency 
3 and 5), nitrogen (valency 3 and 5) and sulphur (valency 
2, 4 and 6) are outstanding examples. Copper (valency 1 
and 2), and iron (valency 2 and 3) are typical of the metals 
which have two valencies and so form two distinct series 
of salts. ’ 

The suffixes -ous and -ic are frequently used to dis- 
tinguish between the two series of compounds of an 
element which has more than one valency. The suffix 
-ous denotes the compounds of lower valency. Thus in 
cuprous chloride, CuCl, copper has a valency of one 
(monovalent), while there are two chlorine atoms to 
every copper atom in cupric chloride, CuCl,, so that here 
copper is divalent (has a valency of two). There is one 
atom of iron to each atom of oxygen in ferrous (iron) 
oxide, FeO, so in that compound iron has a valency of 
two (is divalent). In ferric oxide, Fe,O,, two atoms of iron 
are combined with three atoms of oxygen — ferric iron is 
trivalent (has a valency of three). 
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VALENCY FOUR VALENCY SIX 


SULPHUR TETRACHLORIDE, SCI, 


SULPHUR TRIOXIDE, SO, 
SULPHUR DIOXIDE, SO, 


SULPHUROUS ACID, H,SO, 


SULPHURIC ACID, H,SO, 


Is there a reason for Double Valency? 


There are no infallible rules by which the valency of an 
element in a particular compound may be predicted 
accurately. As one becomes familiar with the properties 
of the more common elements, a general pattern of their 
valencies will emerge, but so far no really satisfactory 
explanation of double valency has been suggested. 

The valency of elements appears to be associated with 
the gaps in the outer electron shells of their atoms. 
Those elements such as sodium and chlorine which have 
all but their outermost electron shells complete, are 
more likely to have only one valency, while atoms which 
have two electron shells incomplete tend to exhibit 
double valencies. (See Issue No. 6, pages g1-4 for details 
of the electron structure of atoms of the various elements.) 
The latter group of elements are sometimes called the 
transition elements and their metallic salts are frequently 
coloured. It will be noticed that although nitrogen, 
phosphorus and sulphur have only one electron shell in- 
complete, the valency of each of these elements is variable. 

The idea of valency was introduced as a convenient 
means of describing and explaining how various atoms 
are linked together in compounds. Valency satisfactorily 
accounts for the structures of a great many compounds, 
and the few exceptions to the normal pattern underline 
the inadequacies of this man-made theory. 
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PHOSPHORIC COMPOUNDS 
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Although phosphorus is TRIVALENT CID, H;PO, 
in phosphorus trioxide, P,Og, it : 
gives rise to this acid in which 
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| SOUND | 


N designing a concert hall or 
theatre, the architect not only has 
to take into account the number of 
people to be seated and the arrange- 
ment of the seats in relation to one 
another, the position of the gangways 
and exit doors and details of ventila- 
tion and illumination. He must also 
give careful consideration to the 
acoustics of the building. Will the 
full range of sound waves reach every 
seat in the auditorium? Will there 
be too much reflection, or is too much 
sound going to be absorbed by -the 
walls and ceiling ? 

Sound waves travel in straight 
lines and will go out from their 
source in all directions. In much 
the same way as with light, sound 
waves can be reflected or absorbed 
by surfaces which they strike. Thus 
hard polished surfaces reflect sound, 
while softer matt surfaces absorb it. 
A concave surface tends to focus sound 
waves over a small area. 

As the sound absorption properties 
of a particular substance vary for 
different frequencies, it is desirable 
that sound should have an unob- 
structed path from the source on the 
platform direct to each member of 
the audience. For this reason pillars 
and other obstacles in the auditorium 
are to be avoided if at all possible. 
Modern methods of construction, es- 
pecially the use of pre-stressed con- 
crete, are valuable in this respect. 

The final tonal quality of the 
sound depends largely upon a portion 
of the sound waves reaching the 


The ripple patterns moving across the 
water in which the model section is 
immersed give an indication of the acoustic 
properties of the concert hall. 
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listener by reflection. Each time a 
sound wave is reflected, some of the 
sound is lost by absorption. Thus after 
it has been reflected a few times, the 
sound will die away completely. 
There will always be a slight time 
lag during which the sound gradually 
dies away even if the source is stopped 
suddenly. This time lag is known as 
the reverberation time and a satisfactory 
value for concert halls of moderate 
size is about 2 seconds. 

The extent of the reflections will 
depend partly upon the shape and 
size of the auditorium, but also upon 
the nature and relative proportions 
of the reflecting and absorbing sur- 
faces. Irregularities in the walls and 
ceilings, in the form of alcoves and 
recesses, Can cause unwanted reflec- 
tions and are to be avoided. The 
height of the roof of the concert 
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hall and the curvature of its surface 
have to be carefully chosen in order 
that the sound waves which it collects 
are reflected back over as large an 
area of the auditorium as possible. 
Otherwise there is a risk of there 
being ‘dead’ spots where reflected 
sound cancels out direct sound. 

At the design stage the wise archi- 
tect will check the acoustic properties 
of a proposed concert hall, either by 
means of models or by calculations 
based on the rules for reflection of 
sound. One method of testing models 
is to make lengthwise sections of the 
hall and to place them in a shallow 
tank of water. Vibrations are then 
set up in the water from the point 
corresponding to the front of the 
concert platform. The ripple patterns 
formed in the tank give a very good 
indication of the points in the hall 
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where unwanted reflections will occur. 
If these are serious, the design may 
have to be modified. 

The refinements in the acoustics 
will depend largely upon the interior 
decoration and furnishing of the 
hall. The use of carpets on the 
floors, of absorbent materials (e.g. 
plaster) on the walls and ceiling, and 
of suitably upholstered seats will help 
to put the finishing touches to satis- 
factory acoustic behaviour. The acous- 
tic properties of the paint or other 
wall covering are at least as important 
as its decorative value. 

Various reflectors and baffles may 
be attached to the walls and ceiling 
to turn the sound waves in the most 
desirable direction. It is often neces- 
sary to have reflectors above the 
platform to throw the sound out 
into the body of the hall. The 
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ADVANCING WAVE—— 
(REFLECTED) 


presence of an audience has a con- 
siderable effect upon the acoustics of 
many concert halls as the members of 
the audience are themselves quite 
good absorbers of sound waves. In 
consequence, there are marked differ- 
encies in the quality of music played 
in a half empty hall and when every 
seat is filled. This particular problem 
has been largely overcome in the 
Royal Festival Hall, London, where 
the tip-up seats have been designed 
so that they have similar absorption 
properties to those of the audience 
who may occupy them. 

The purpose of a building should be 
reflected in its acoustic properties. 
In a theatre a shorter reverberation 


time is necessary (i.e. the number of 
reflections must be kept to a mini- 
mum), if the audience is to hear 
clearly what is being said on the 
stage. In contrast, the slower mellow 
tones of church music require that 
the reverberation time of a cathedral 
may be made longer ( 6 or 8 sec.). 

In conclusion, mention may be 
made of the Whispering Galleries 


The curved roof of a concert hall reflects 
sound over a large area of the auditorium. 


Section through a 
concert hall 
showing where 
the sound waves 
are reflected. 


Sound waves which 
may otherwise be 
lost are deflected into 
the auditorium by 
reflectors behind 

the source.. 


such as that in St. Paul’s Cathedral in 
London. It is, at first, surprising to 
find that it is possible to stand at one 
side of the circular gallery and to be 
able to hear someone whispering at 
the opposite side. It has been shown 
that the listener is at the focal point 
of a giant concave reflector and that 
all sound waves coming from the 
opposite side of the gallery are col- 
lected by the reflector and at the 
focal point they reinforce one another. 
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| ELECTRONICS 


OSCILLATORY CIRCUITS 


REVIOUS articles in this series 
have described how a radio 
valve can be used as an amplifier and 
as a rectifier or detector. There is a 
third and very important application 
of the radio valve—namely in the 
production of rapidly alternating 


plate the electrons surge back again 
and the whole process repeats over 
and over at regular intervals. Thus, 
once the capacitor has been charged 
and the coil connected across it, 
electrons surge backwards and _ for- 
wards around the circuit. Each com- 


(distance from mid-point to furthest 
point of a swing). The energy given 
to the pendulum at the start is lost 
in overcoming friction and is even- 
tually turned into heat. The time 
taken for each gradually shortening 
swing nevertheless remains the same. 


WHEN THE SWING IS SET IN MOTION AND THEN LEFT, ITS TO-AND-FRO MOTION 
ITS OWN PATH ON A ROLL OF PAPER MOVING AT RIGHT ANGLES TO THE SWING. 


THE SAME SWING AND THE SAME MOVING ROLL OF PAPER. 
O MAKE EACH TO-AND-FRO MOVEMENT AS BIG AS THE ONE BEFORE 
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currents. In a radio transmitter 
rapidly alternating currents are fed 
(indirectly) to the aerials to produce 
the carrier waves which travel out 
to the receiving aerials. These alter- 
nating currents are simply to-and-fro 
movements, or oscillations, of electrons. 
The circuits which generate them are 
called oscillators. The oscillations are 
actually produced in a resonant tuned 
circuit (described on page 317) con- 
sisting simply of an inductor (coil) 
and a capacitor. The capacitor stores 
electrons, and when the inductor is 
connected across it, the stored elec- 
trons surge from one plate to the 
other. But having reached the other 
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THIS TIME THE PUSHES ARE GIVEN AT THE ‘WRONG’ 


GETS SMALLER AND SMALLER UNTIL IT STOPS. THIS IS SHOWN CLEARLY IF THE SWING TRACES OUT 


THIS a THE TRACE DOES NOT ‘TAIL-OFF’ BECAUSE THE SWING IS GIVEN A SERIES OF PUSHES 


MOMENT AND THE SWING IS QUICKLY BROUGHT TO A _ STANDSTILL. 


plete forward and backward surge 
makes up oscillation. The num- 
ber of oscillations taking place in one 
second is called the frequency, and 
depends upon the sizes of the 
capacitor and the inductor. Adjusting 
the size of the capacitor or the 
size of the inductor (not so easy in 
practice) alters the frequency of the 
oscillations. 

In some ways electrical oscillations 
are comparable to the swings of a 
pendulum: the electrons surge back- 
wards and forwards, the pendulum 
swings to-and-fro. Normally, when a 
pendulum is set in motion its swings 
get smaller and smaller in amplitude 


In other words the frequency is 
constant. This is also true of the 
electrical oscillations set up in’a 
tuned circuit. In each oscillation some 
electrical energy is turned into heat 
in overcoming the resistance which 
the circuit is bound to offer to the 
flow of electrons. As the energy is 
used up the oscillations get smaller 
and smaller in amplitude (i.e. the 
peak value of each surge is less than 
that of the preceding surge). The 
frequency, however, remains the 
same. Obviously the oscillations set 
up by a surge of electrons in a simple 
tuned circuit are of little practical 
value if they quickly die away to 


FORWARD SURGE 


REVERSE SURGE 


(Above) A capacitor is connected to a battery: atoms 
in one set of plates acquire surplus electrons while 
atoms in the other set lose electrons. (Below) The 
battery is replaced by a coil: surplus electrons surge 
through coil to make good deficit on opposite plates. 


So many electrons arrive that plates which had elect- 
ron deficit now have surplus. Charges on plates 
have been reversed so electrons surge back in 
opposite direction. Graph below shows how successive 
surges decrease in size. , 


AMPLITUDE OF FIRST 
ELECTRON SURGE 


TIME 


‘nothing. A pendulum would be of 
little value in a clock if its swings died 
away to nothing. But in a clock the 
pendulum swings do not die away 
because the energy lost in overcoming 
friction is replaced by energy stored 
in the mainspring (or in a falling 
weight). The replacement energy is 
passed to the pendulum by means of 
an escapement mechanism which 
gives a slight push to the top of the 
pendulum once in each swing. It is 
most important that the slight push 
should come at the right moment in 
the pendulum’s swing: if it comes 
at the wrong moment it may bring 
the movement to a halt instead of 
maintaining it. (This is easily demon- 
strated with a child’s swing. If it is 
given a push just after it changes 
direction its to-and-fro motion is 
maintained or even increased. But if 
it is given a push just before it 
changes direction it quickly stops 
swinging altogether.) Electrical os- 
cillations, too, can be maintained by 
feeding energy into the circuit at the 
right moment in each oscillation. For 
this purpose the triode valve—which 
has previously been encountered in the 


role of amplifier—is ideally suited. 

The tuned circuit (coil and capaci- 
tor) is connected to the grid of the 
triode. When the power supply is 
switched on there is normally a 
surge of electrons to the grid. This 
initial surge sets up oscillations in the 
grid circuit. The output from the 
anode oscillates with exactly the same 
frequency but because the triode acts 
as an amplifier the amplitude (peak 
values) of these oscillations is greater 
than the amplitude of the input 
oscillations on the grid. The extra 
energy has been drawn from the high 
tension supply. By feeding back some 
of the energy from the anode circuit 
to the grid circuit the energy lost as 
heat is replaced and the oscillations 
can be prevented from dying away. 
This is the principle of all valve 
oscillators. Because the anode oscilla- 
tions have the same frequency as the 
grid oscillations the energy pulses 
fed back to the grid can easily be 
arranged to arrive at the right 
moment, like the energy fed from the 
clock spring to the pendulum. 

How the energy is fed back is seen 
most easily in the simple tuned grid 
oscillator (or Armstrong oscillator as 
it is sometimes called). This has a coil 
in its anode circuit mounted very 
close to the coil in the tuned circuit 
attached to the grid. Together the 
two coils act as a transformer. Ampli- 
fied oscillations in the anode coil 
produce a changing magnetic field 
which cuts through the nearby coil 
in the tuned circuit. The changing 
magnetic field sets up voltage oscilla- 
tions in the tuned circuit coil having 
the same frequency as the original 
oscillations. In this way energy is fed 
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The to-and-fro swings of a simple pen- 
dulum resemble in many ways the to-and- 
Jro surges of electrons in a simple tuned 
circuit. 


from the anode circuit to the grid 
circuit even though there is no 
electrical link between the two. 

As might be expected such a 
simple arrangement as the Armstrong 
oscillator suffers from a number of 
shortcomings. It does not work well 
at very high frequencies, and most 
serious of all, the frequency of the 
oscillations tends to change of its 
own accord. This latter defect is 
known as frequency instability. 
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THE HARTLEY OSCILLATOR 


The Hartley oscillator illustrated here is 
an improvement on the basic Armstrong 
circuit. Instead of having a separate coil in 
the anode circuit, part of the tuned circuit is 
‘tapped off’ and some of the output oscilla- 
tions from anode are passed through this 
section. Current oscillations in the tapped off 
section set up voltage oscillations across the 
whole of the coil, thus supplying the energy 
needed to compensate for losses in the tuned 
circuit. The point at which the coil is ‘tapped’ 
can usually be altered to adjust the amount 
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of energy fed back to the grid circuit. If too 
little energy is fed back the oscillations will 
not be maintained. It is, however, equally 
necessary to ensure that not too much energy 
is fed back, otherwise the oscillations build 
up until the grid of the triode becomes posi- 
tively charged for some part of each oscilla- 
tion. Should this happen the valve ceases 
to conduct, so energy is fed back and the whole 
process begins again. The effect of this is to 
add a second, uncontrollable variation to 
the oscillation—in other words it results in 
instability. 


THE COLPITTS OSCILLATOR 


Also illustrated here is a simple Colpitts 
oscillator. It works on a similar principle to 
that of the Hartley oscillator except that the 
single coil is not tapped. Instead two 
capacitors are connected across it, and 
current oscillations are fed back at the 
junction between these two capacitors instead 
of at some point on the coil. Such an arrange- 
ment is easier to tune (i.e. to alter the 
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frequency of the oscillations produced) than 
the basic Armstrong circuit. The Colpitts 
and the Hartley oscillators are equally good 
electronically. Additional components can 
be inserted into either circuit to improve the 
stability. Both types provide very convenient 
devices for producing oscillations of any 
frequency and any size up to the limits at 
which the triode valve will work. 
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Pulleys 


ULLEYS can make it possible for 

a man to lift several times his own 
weight. The very action of bending 
down to lift an object from the floor 
is awkward and inconvenient and is 
certainly difficult if the object is 
heavy. It is very much easier to lift 
the object by heaving down on the 
rope of a pulley. There, the man’s 
muscles are being put to their most 
efficient use and the standing position 
is certainly much more comfortable 
for him. 

The simplest type of pulley block 
consists of a wheel, fixed from its 
centre to the ceiling in such a way 
that it is free to turn. Because it is 
fixed to the ceiling it is called a 
fixed pulley. A rope or chain runs 
over the wheel. The load to be lifted 
is attached to one end of the rope and 
the man hauls on the other end. The 
only advantage here is that of posture. 
The man can remain standing. But to 
raise a 50 pound load the effort he 
exerts must be at least 50 pounds. 
This machine has a mechanical ad- 
vantage (M.A.) of one. The load 
(resistance) is the same as the effort. 
In practice, most pulley systems are 
designed to have a mechanical ad- 
vantage of more than one so that 
much heavier loads can be raised. 
If, with the aid of a pulley system, a 
force of 25 pounds is able to raise a 
load of 50 pounds then the pulley 
system has a mechanical advantage 
of two. If an effort of only 10 pounds 
is able to raise a 50 pound load then 
the mechanical advantage is five. 
load 
effort. 

A single movable pulley can give a 
mechanical advantage of two. This 
time, one end of the rope is fixed and 
the pulley itself is cradled in the rope. 
The load is hung from the pulley 


Mechanical advantage= 


block and the effort is used to pull = 
upwards on the free end of the rope.” _ 


Because the load is now hung from 


two ropes, each taking half of the | 3 
strain, the effort needed is only half“ 4 


the size of the load. At first sight, 


this looks like a way of getting™ 


is not so. The work done by the effort 
is never less than the work done on the 
load. For every foot the rope is 
raised, the load rises only six inches. 
This is because both ropes have to be 
shortened. 

With this movable pulley, the 
effort moves twice as far as the load 
moves. The pulley is said to have a 
velocity ratio (V.R.) of two. 

AR moved by effort. 


distance moved by load. 
If pulleys had no weight and there 
were no frictional forces opposing the 
raising of the load, ‘then the mechani- 
cal advantage and velocity ratio 
would be equal. But in fact there are 
frictional forces acting and the pulley 
does weigh something and so extra 
effort is needed to overcome these 
factors. This in practice lessens the 
mechanical advantage, making it 
smaller than the velocity ratio. 

Here, as a simplification, the pul- 
leys are thought of as being weight- 
less and frictionless. 

Usually a pulley system consists of 
a combination of both fixed and 
movable pulley blocks, with the ‘effort 
rope’ arranged so that the man can 
haul down upon it. 

A quick way of finding the mech- 
anical advantage of a perfect pulley 
system is to count the number of 
ropes that are bearing the load. If 
five ropes are bearing it, then the 
mechanical advantage is five. 

Block and tackle 
being used to lower 
the outboard motor 
into position. This 
system has a 


mechanical advant- 
age of four. 
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FIXED 
PULLEY 
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THE EFFORT 
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Single fixed pulley. It has a 
mechanical advantage of ONE. 
ONE rope is bearing the load. 


A 
. 
EI 
MOVABLE FOR EACH 
PULLEY FOOT THE 
EFFORT 
MOVES THE 
LOAD RISES 
LOAD 6 INCHES 


Left. Single movable pulley. Right. 
Combination of fixed and mov- 
able pulleys. Both systems have a 
mechanical advantage of TWO. 
TWO ropes are bearing the load. 


EFFORT 
MOVES, THE 
LOAD RISES 
LEFT) 4 IN. 
RIGHT) 3 IN. 


Left. Mechanical advantage of 
THREE. Right. Mechanical advant- 
age of FOUR. The joined parts of 
pulleys are usually arranged side 
by side in a ‘ pulley block’. 
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| BIOLOGY | 


BESIDES proteins, fats, carbo- 

hydrates, water and mineral salts, 
a healthy diet must include minute 
traces of substances called vitamins. 

They are organic compounds whose 
absence from the diet produces ab- 
normality of some functions of the 
body. It is as a result of investigations 
into these ‘deficiency diseases’ that 
the vitamins have been discovered. 

As long ago as the early seventeenth 
century some British ships were re- 
quired to carry fruit juice aboard. 
From the lime juice they drank came 
the nickname ‘limeys’. It had been 
recognised on long sea voyages, when 
no fresh fruit or vegetables were 
available, that the sailors developed 
scurvy, a disease characterised by the 
swollen and bleeding conditions of 
the gums and in which other parts 
of the body are apt to bleed easily. 

Later, in the middle of the eight- 
eenth century, a commander by the 
name of Lind rediscovered the bene- 
fits of taking fruit juice. But its 
significance in preventing scurvy was 
still not appreciated. In the 1880's 
Takaki, a Japanese admiral, dis- 
covered that another disease, beri- 
beri, could be avoided on his ships 
by supplying the men with meat and 
fresh vegetables. 

The first scientific investigation 
into deficiency diseases was prob- 
ably carried out by Christian Eijk- 
man, a Dutchman, who, working in 
Java, fed fowls on polished rice (rice 
from which the husks have been 
removed). They developed similar 
symptoms to some of the Javanese 
who suffered from a mysterious ail- 
ment. When they were fed on un- 
milled rice the poultry recovered, 
much to Eijkman’s surprise. He, and 
other workers, then realised that the 
disease was not caused by a germ but 
that it was due to the absence of some 
factor from the diet. This factor must 
be present in the husks of the rice. 


(left) In the seventeenth century some 
British seamen were issued with fruit or 
fruit juice to prevent scurvy. 


aVITAMINS 


Other experimenters, notably Sir 
Frederick Gowland Hopkins, dis- 
covered in keeping laboratory animals 
on an artificial diet that traces of 
natural foods such as yeast and milk 
must be added to their diet for them 
to remain healthy. So the search for 
the ‘accessory food factors’, as Hop- 
kins called them, was on. 

Funk in 1911 proposed the name 
vitamines because he considered that 
they all contained ‘amino-nitrogen’ 
(i.e. nitrogen derived from an —NH, 
grouping). The ‘e’ was later dropped 
since not all vitamins fall into the 
class of compounds called amines. 

McOllum and Davies in 1915, 
working in the United States, intro- 
duced a system of naming vitamins, 
dividing them into two groups. Those 
in the one group that dissolved in fat 
they called the ‘fat-soluble A’ group and 
the others, that dissolved in water, 
they called the ‘water-soluble B’ group. 
Within these groups many vitamins 
were recognised. Each became known 
by a letter (e.g. vitamin A, vitamin 
C) or by a letter with a subscript for 
vitamins each with similar properties 
(e.g. vitamins B,—B,,). Many vita- 
mins have now been made synthe- 
tically and, though the naming of 
them by letters has not been dropped 
completely, there is an increasing 
tendency to use the chemical names. 
Thus vitamin C is known as ascorbic 
acid, vitamin B, as aneurin (Britain) 
or thiamin (U.S.A.), and vitamin B, 
as riboflavin. 

Our increasing knowledge of vita- 
mins — the foods that they occur in, 
their chemistry and so on —has had 
widespread application. Many disea- 
ses which were thought at one time 
to be caused by germs are now known 
to be due to lack of certain vitamins 
in the diet. By encouraging people to 
eat the right kinds of food these 
diseases can be avoided. Even if a 


Crystals of vitamins highly magnified. 


FAT SOLUBLE 


WATER SOLUBLE 


VITAMIN 


A (Axerophthol) 


D, (Cholecalciferol) 
liver, margarine. 


E  (Tocopherols) 


K, (Phylloquinone) Lettuce, 


tomatoes. 


kale, spinach, 


B, (Riboflavin) 


B, (Nicotinic acid) 
yeast, green vegetables. 


FOOD SOURCES 


Fish liver oils, butter, eggs, margarine, 
cream, green vegetables, carrots. 


Fish liver oils, butter, eggs, cream, 


Wheat germ oil, green vegetables, 
eggs. 


pig liver, 


Milk, yeast, liver, wheat germ, meat, 
cheese, eggs, green vegetables. 


Liver, kidney, meat, wheat germ, 


MAIN VITAMINS NEEDED BY MAN 


FUNCTION IN THE BODY 


oxidized. 


Blood clotting process. 


oxidations. 


carbohydrate and protein metabolism. 


H_ (Biotin) 
tables, nuts. 


B,. (Cyanocobalamin) 


C_ (Ascorbic acid) 


uncooked vegetables. 


Choline 


Liver, kidney, egg yolk, milk, vege- 


Oranges, lemons, grapefruit, tomatoes, 


Liver, pancreas, soya beans. 


proteins). 


synthesis of methyl (CH;) groups. 


Formation of collagen. Healing of injuries. 


Growth and building of new cells. Associated 
with resistance of epithelia to infection, 


areca of eyes, gut and lung passages). 
rmation of eye pigments. 


D, (Ergocalciferol) Fish liver oils, margarine. Necessary for normal absorption of calcium 
and phosphorus. _ 
"Necessary for normal absorption of calcium 
and phosphorus. 


Necessary for proper development of foetuses 
and male sex cells. Prevents fats from being 


Vital part in cell chemistry particularly 


Part of some enzyme systems; important in 


Necessary for the action of some enzymes 
(e.g. those causing breakdown of unwanted 


Necessary for formation of red blood cells, 


Fat metabolism. Synthesis of acetylcholine 
(substance released at nerve endings). Ex- 
change of methyl groups between substances. 


MAIN EFFECTS OF DEFICIENCY 


Xerophthalmia (hardening of cornea); Night 
blindness (poor vision in the dark); Dryness of 
skin; Poor bone growth. 


Rickets; Osteomalacia (softening of the bones); 
Unhealthy teeth. 


Rickets; Osteomalacia (softening of the bones); 
Unhealthy teeth. 


Inadequate nourishment of the muscles (muscular 
dystrophy). Loss of fertility. 


Loss of blood clotting power. Excessive bleeding 
(particularly in new born). 


Inflammation of the Tongue. 


Dermatitis (inflammation of the skin). Pellagra 
(disease affecting alimentary system, skin and 
nervous system). 


Dermatitis; Muscle pains; Loss of appetite. 


Pernicious anaemia (blood disease). Spinal cord 
wastes away. 


Scurvy (bleeding of gums and other parts of body, 
painful joints). 


Cirrhosis (disease of the liver). Bleeding of kidney. 


Many other vitamins have been discovered and are known to be necessary to other animals but have yet to be proved essential to man. 


disease has taken hold it can be cured 
(providing it has not reached ad- 
vanced stages) or at least relieved. 
Moreover, people can be directed 
to grow foods that are rich in vitamins 
and other food materials instead of 
cultivating large areas for growing 
crops that are low in food value. 
They can be encouraged to supply 
their children with sufficient milk 
(a rich source of vitamins) and to 
supplement this, and the rest of 
the basic diet, with foods such as 
orange juice, blackcurrant juice and 
fish liver oil 

One of the chief effects of vitamin 
deficiency is a slowing down of growth 
so it is important that children par- 
ticularly should be well supplied with 
vitamins. It is during this early 


(1) B, (2) By (3) C (4) D. 


period that the human body is 
growing most actively and conse- 
quently the effects of vitamin 
deficiency will be most pronounced. 

Plants are the ultimate sources of 
many vitamins for only they are able 
to build up the complete vitamin 
molecules from raw materials. Animals 
have limited capabilities in this respect 
and can only re-arrange organic 
molecules to make some of the vita- 
mins that they require. The liver is 
able to make vitamin A from caro- 
tene, for example. Fish liver oils are 
a rich source of this vitamin. 

Though we know the effects that 
lack of certain vitamins produce, 
little is known of the part that they 
play in the chemistry of living cells. 
Some are known to combine with 
protein molecules to form enzymes. 
Vitamin B,, (cyanocobalamin) helps 
in the synthesis of methyl (CH,) 
groups. These occur in parts of the 
molecules of nucleic acids. Its lack 
slows the production of red blood 


cells in the bone marrow, and in old 
people results in the serious blood 
disease, pernicious anaemia (Addison’s 
anaemia). Vitamin D is important 
in the body’s metabolism of calcium 
and phosphorus. Lack of this vitamin 
seems to interfere with the normal 
ability of the body to take in sufficient 
quantities of calcium and phosphorus. 
Thus the living cells of the bones and 
teeth do not receive sufficient sup- 
plies of these elements so that bones 
and teeth are poorly formed. 

The effects of vitamin D deficiency 
are often obvious in children who 
eventually develop rickets. Providing 
the disease has not reached too ad- 
vanced a stage, a complete cure is 
possible by administering cod liver 
oil, halibut liver oil or a food to 
which standard amounts of vitamin D 
have been added. Vitamin D is often 
referred to as the ‘sunshine vitamin’ 
for it is produced by the action of 
sunlight upon a chemical present in 
the skin. 
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TECHNOLOGY 


The Stereoscope 


HOTOGRAPHS make their sub- 
jects seem as flat as the paper on 
which they are printed. The only 
illusion of depth here is given by the 
relative sizes of the objects in the 
photograph. Distant objects appear 
smaller than those in the foreground. 
When someone looks at the same 


BOTH 


Two eyes working together can see depth 
because the final image 1s made up by the 
brain which merges the slightly different 
images received by each eye. 
scene his impression of it is much 
different. Here, it appears to have 
depth as well as width and height. 
He sees a three dimensional picture, 
not a two dimensional one. 

The stereoscope is a device for giving 
the illusion of depth to flat pictures. 

Human beings have what is known 
as binocular vision. The two eyes 
work together to give a single picture. 
An image is formed on the retina or 
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screen at the back of each eye and the: 


information about this is delivered to 
the brain by the optic nerves. In the 
brain, the two impressions are merged 
together so that the observer does 
not see double but sees one com- 
posite picture. As the eyes are about 
24 inches apart the pictures seen by 
them are slightly different. The left 
eye will see more of the left side of an 
object whereas the right eye will see 
more of the right side. It is the com- 
bination of these two different pic- 
tures that gives the illusion of depth. 

The stereoscope works on the same 
principle. Two cameras are posi- 
tioned with their lenses about 3 inches 
apart. Both cameras are set identi- 
cally (same aperture, etc.) and are 
used to take photographs of the same 
object. Both photographs are taken 
at the same time. This is important 
if the object is not stationary. It is 
better still to use a _ stereoscopic 
camera that is specially designed for 
the job. The stereoscopic camera has 
its two lenses the correct distance 
apart and takes two photographs 
simultaneously. 


On looking through the stereoscope pairs 
of corresponding points appear as one. 
The stereometer measures the distance 
between them. Maps are made using these 
measurements. 


The two photographs are mounted 
on a card side by side. The card is 
placed in the stereoscope where each 
photograph is viewed through a wedge 
shaped lens that is actually the edge 
part of a convex lens (lens that is 
fatter in the middle than it is at the 
edges). These lenses are placed so 
that their narrow edges are facing 
each other. Their effect is twofold. 
They behave as magnifying glasses, 
magnifying the pictures and because 
of their prismatic or wedge shape, 
they bend the light passing through 
them towards the thick end of the 
wedge. This makes the light rays 
coming from the same object on the 
two pictures appear to come from a 
point somewhere behind the picture 


TREE 


Ray diagram showing how a stereoscope 
can build up an illusion of depth from the 
two photographs. 


so giving a three dimensional effect. 

Surveyors can use stereoscopes to 
build up maps from aerial photo- 
graphs. The photographs used are of 
parallel strips of ground taken so that 
they overlap by about 60%. The 
stereoscope makes it possible to see 
the relative heights of the ground. If 
one height is known, the others can 
be calculated by comparison. 
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ECAUSE of an aeroplane’s mag- made by altering screws which con- 

netic properties, its compass may _ trol small magnets within the com- 
not always be accurate and so it has pass. The compass is checked in 
to be adjusted, using an external eight positions: N, NE, E, SE, S, 
(ground) compass. SW, W, NW, to find the error for 

A tractor manoeuvres the aeroplane each reading. Tables are used during 
into position so that the adjustments _ flight to calculate the correct reading 
described in the illustrations can be _ using these errors. 


(Below, left) When the aircraft points 
North the dotted line indicates the 
aaa a reading of the ground compass which is, 
COMPASS " say, 2° different. The aircraft compass 
— = i j a." is corrected to conform to the ground 
: all compass. (Below, right) Aircraft points 
eet West and reading on ground compass is 
a few degrees different, but this time the 
aircraft compass is adjusted to halve the 
error. (Dotted line indicates adjust- 

ment). 
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| ANTHROPOLOGY | wth 


The 
Origins § 


bee F 
HE primates (the animal group to which Man 
belongs) first appeared about 70 million years ago at 
the beginning of the Tertiary period (see page 345). 
These early primates were small shrew-like creatures. 
They evolved along several lines and by Eocene times 
several groups of primates were in existence. Some of 
these groups resembled the modern lemurs and tarsiers. 
In the latter part of the Eocene a group of tarsiers began 
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4 Aspects of life in upper Palaeolithic times. 


to change and in the Oligocene they gave rise to monkeys 
and the earliest apes. The latter were unspecialised animals 
but they evolved in several directions (radiated), and 
Miocene deposits in Africa contain a wide variety of 
fossil apes. These all had slender limbs and were obviously 
not specialised for life in the trees. They were probably 
very agile on the ground. There was a further radiation in 
late Miocene times and the apes spread into Europe and 
Asia. A common genus was Dryopithecus, which contained 
species resembling all the modern apes. These animals 
were obviously forerunners of the present-day species. 
The origins of Man almost certainly lie in this group, but 


the fossil record is not yet good enough to establish 
definite links. 

Africa must have been an important centre of primate 
evolution during Pliocene times too, for early Pleistocene 
deposits in Bechuanaland have yielded some remarkable 
man-ape fossils. In 1925 Prof. Raymond Dart reported 
the discovery of a skull which, although ape-like in general 
appearance, had several human characteristics. Other 
similar fossils have since been found and a fairly complete 
picture of these animals is available. The brain was of 
about 600 cubic centimetres—about the size of a modern 
gorilla brain, which is less than half that of a modern 
human brain. The jaws were large and ape-like and 
the forehead was low (i.e. the frontal lobes of the brain 
were small). Teeth were arranged very much as in man 
but were large; the head was held more erect than in 
apes. Other remains show that these creatures walked in 
an upright position and were about the size of modern 
pigmies. They were almost certainly hunting animals. 
These South African man-apes form the genus Australo- 
pithecus. 

The boundary between apes and man is not very 
distinct. Man has several special features which have 
helped him to become master of the Earth. These include: 
erect posture, free movement of the hand and forearm, 
sharp sight, a reasoning brain and the power, of speech. 
These features are to some extent shared with the apes 
and have been acquired gradually. The most practical 
dividing line is the appearance of manufactured tools 
which are permanent indications of some form of in- 
telligence. Various pebbles associated with Australo- 
pithecus remains may have been used as tools. Whether we 
call the Australopithecines men or not, it is clear that by 
early Pleistocene times primate evolution had reached 
the level of a near-human body although the brain still 
lagged behind. 


Pithecanthropus skull (centre) 7s intermediate between that of 
the gorilla (left) and that of Homo sapiens (right). 


During the last fifty years a number of fossils have been 
found in Java and near Peking in China. They date from 
about mid-Pleistocene times and are placed in the genus 
Pithecanthropus. They are best known as Java and Peking 
Man. There was some variation in brain size but it was 
between that of the larger apes and modern man (Homo 
sapiens). The skulls retained a number of ape-like features 
such as heavy projecting jaws and eyebrow ridges but the 
teeth and the rest of the skeleton were definitely of human 
form. Pithecanthropus was shorter than modern man and 
walked upright. He made numerous stone tools and knew 
how to make fire. He also probably had a fairly simple 


Time scale showing the approximate durations of the we-ages 
(blue bands) and the succession of stone tools in Europe. The fossil 
men are not all from Europe. 
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language and some sort of social life. Like the Australo- 
pithecines, he was a hunter. Various skulls have been 
found in Asia, Africa and Europe showing a range of 
characters between those of Pithecanthropus and Homo. 
Men of the Pithecanthropus type were obviously widespread 
in mid-Pleistocene times and probably gradually gave rise 
to men of the genus Homo. 

Because of their permanent nature, Man’s stone tools 
are rather better known than Man himself during the 
Pleistocene. All the stone tools made during this period 
were produced by chipping flints, but as time progressed 
the technique improved and a number of distinct stages 


can be seen in the fossil record. The whole period of 
stone chipping is called the Old Stone Age or Palaeolithic. 
During the Upper Palaeolithic a wide variety of wooden 
and bone tools were in common use as well as stone tools. 

Europe in Mousterian times (see diagram) was inhabited 
by a very distinctive type of man—Homo neanderthalensis or 
Neanderthal man. Many fossils are known and it was once 
thought that the Neanderthals were direct ancestors of 
man. They had heavy jaws and brow-ridges, a thick neck 
and heavy bones and were ape-like in appearance. The 
ape-like characters increased in the later Neanderthals 
and it is now clear that they were a side-branch of human 
evolution. There is evidence for the existence of Neander- 
thals in Africa and Asia at the same time. 

At some time during Aurignacian times the European 
Neanderthals were completely replaced by a modern 
type called Cro-Magnon men after the place in France 
where they were first discovered. They probably originated 
in Asia and then, with a superior organisation, spread 
and wiped out the Neanderthals. Cro-Magnon men left 
many stone tools and cave paintings in France and 
Spain. These indicate a hunting life and a social existence. 
In many ways Cro-Magnon men must have been like 
the present-day Bushmen of Africa. Their art and their 
tools are very similar. There is some evidence in the fossil 
record of various races of Man at this time. 

Since the origin of Cro-Magnon man, Homo sapiens has 
not progressed very far physically but there have been 
great cultural changes through the Neolithic age, when 
Man learnt how to grind and polish stones, through the 
Bronze and Iron ages to the present-day Atomic age. 

Palaeolithic man was essentially a hunter and gatherer 
of wild foods. One of the most important advances was the 
discovery of agriculture which enabled Man to abandon 
his nomadic existence and settle down. Speech and 
writing are difficult to date but probably progressed side 
by side with tool-making and social life. Communication 
in this way must obviously have gained in importance 
when Man settled down to agricultural pursuits. 
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D.C. MOTORS: | 
Back EMF. 
and Starting | 
Resistance | 


| ELECTRICITY | 


N electromagnetism there are two 

basic principles which mean ullti- 
mately exactly the same thing. One 
is the motor principle—a current flow- 
ing in a wire through a magnetic field 
produces movement. The other is the 
generator or dynamo _principle— 
when a wire moves through a magnetic 
field a current is produced in the wire. In 
other words: 


Motor principle: 

current + field —> movement 
Generator principle: 

movement -+ field —> current 


In the first article on D.C. Motors 
(page 470) it was shown how the 
motor principle works—how a coil of 
wire would start to rotate in a mag- 
netic field if a current of electricity 
were passed round it. 

Once the motor coil is moving, 


resistance. This controls the current flowing through the coil. 


When the D.C. motor is running, it generates a back e.m.f. 
which limits the amount of current flowing through the coil. How- 
ever, when the motor is just starting, it will take time to build up 
its speed, and its back e.m.f. During this time the current through 
the coil would be very high indeed, were it not for the starting 


CARBON BRUSH 
COMMUTATOR 


BLACK ARROWS _INDICATE 


A direct current moves a coil—this 1s the Motor Effect. 


however, it has the two things—move- 
ment and field—needed to bring the 
generator principle into operation, 
and the result of movement and field 


is a current flowing in the motor coil.. 


This is an extra current, distinct from 
the steady direct current driving the 
coil. 

In which direction does this extra 
current flow? The direction can be de- 
duced from the principle that some- 
thing cannot be produced from no- 
thing. In order to move the motor 
coil, it is given electrical energy from a 
direct current source. 

Now there are only two directions 
in which the current produced by the 
generating action could possibly flow 
—either in the same direction as the 
direct current, or in the opposite 
direction. If it flows with the direct 
current, it increases the effective cur- 


rent driving the motor, which in- 
creases the speed of rotation, which 
increases the generated current, and 
so on, so that the coil will move faster 
and faster without limit. It will then 
have an infinite amount of kinetic 
(moving) energy, no matter how 
much (or how little) energy is sup- 
plied by the driving current. This con- 
travenes the something-for-nothing 
principle. So the generated current 
must flow in the opposite direction. It 
must always oppose the driving current. 

The motor commutator (page 485) 
changes the direction of the direct 
current twice every rotation, so the 
direction of the opposing generated 
current is also changed twice every 
rotation. 

Thus once the coil is moving it will 
act as though it contained a separate 
source of electric current. Sources of 


THE DRIVING MOTOR CURRENT 


In the first diagram the motor is almost stationary, and the current 
is limited by passing it through the whole of the starting resistance. 
As the motor picks up speed and the back e.m.f. increases, the 
resistance can be gradually decreased until, as in the final diagram, 
the motor is running at full speed and the resistance 1s completely 
Shorted out of the circuit. Since the current flowing through the coil 
determines its speed of rotation, the starting resistance can be used 
to vary the speed of the motor. 
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| 
| 
STARTING 


RESISTANG 
NO BACK E.M.F. | 


RESISTANCE 
—OF COIL— 
ABOUT | OHM 


STARTING 
RESISTANCE 


BACK E.M.F.— 
ABOUT 100V 


RED ARROWS INDICATE THE 
GENERATED CURRENT 


The moving coil generates a current in the opposite direction. 


electric current are differences in 
electrical pressure or voltage. An 
alternative name for the difference in 
electric pressure is electromotive force 
(e.m.f.)—literally the force which 
moves the electrons constituting the 
electric current. Because the e.m.f. 
resulting from the generating action 
opposes the e.m.f., or difference in 
electric pressure supplying the direct 
(driving) current, it is called the 
BACK E.M.F. 

The back e.m.f. limits the speed of 
the motor, since it puts an effective 
brake on the amount of current the 
motor can receive. The opposing e.m.f. 
will, in fact, be nearly as big as the 
driving e.m.f. If a 240-volt D.C. 
supply drives the motor, then, when 
the motor is running, the back e.m.f. 
will be about 230 volts. So the 
effective e.m.f. is only ro volts. 
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HALF SPEED 


However, the current often needs to 
be limited. The coils of wire have a 
very low resistance (about 1 ohm). 
Say the driving voltage is 240 volts, 
and there is no back e.m.f. Then 
applying Ohm’s law to the coil: 


voltage—current x resistance 
240 volts=current (amps) x | ohm 
current=240 amps 


This is a very large current, and 
one which would very rapidly burn 
out the coil. 

Applying Ohm’s law to the coil with 
the back e.m.f. in operation: 


voltage—current x resistance 
(240—230) volts=current (amps) x | ohm 
current=10 amps 


which the coil will be able to stand. 
The current through the coil will 
be about 10 amps when the coil is 
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STARTING RESISTANCE \ 
IS BY-PASSED 


THE MOVING COIL ACTS AS 
THOUGH IT CONTAINS A 


“=~, SEPARATE BATTERY 


The generated current opposes the driving (motor) current. 


moving at full speed. But when the 
motor is just starting, its speed, and 
hence its back e.m.f., will be very low. 
The current will be almost 240 amps, 
which, as has been mentioned, is far 
too large for the coil to withstand. 
While the motor is building up its 
speed (and its back e.m.f.), therefore, 
some means must be found of lowering 
the current. This is done in practice 
by adding some extra electrical re- 
sistance to the coil—reducing the 
current by increasing the opposition 
to its flow. The extra resistance is 
called a starting resistance. It is a 
separate resistance, included in series 
with the motor coil. As the motor 
speeds up, the back e.m.f. increases, 
and the starting resistance can be 
gradually reduced until the motor is 
operating under full power and at full 
speed. 


\ 


OPTICS 


HE light from the Sun, or the 

light given out by a carbon arc 
lamp, appears to be white, but a 
closer examination of this white light 
will reveal that it does, in fact, 
consist of a mixture of rays of several 
different colours. Sometimes, on a 
bright sunny day, a spectrum of lights 
of different colours may be noticed on 
the wall of a room away from the 
window. With care, the path of this 
light can be traced back to its source, 
and it will, in all probability, be 
found that white light has been 
broken up into its constituent parts 
as a result of refraction at a glass 
edge—the corner of a mirror, or 
perhaps an ornament or a cut-glass 
vase. 

A similar effect may be observed 
in a darkened room if a narrow beam 
of white light is directed on to a 


Some emission spectra. (Top) Spectrum of 
hydrogen. (Middle) Spectrum of mercury. 
(Bottom) Spectrum of white light from a 
carbon arc lamp. 


502 


CONVEX LENS 
MAKE RAYS PARALLEL 


triangular glass prism. If a white 
screen is held in the path of the 
light emerging from the prism a 
number of coloured bands of light 
are noticed. In such a simple appar- 
atus the coloured images of the light 
source merge with one another. 

A more satisfactory spectrum of the 
white light may be formed by direct- 
ing a parallel beam at the prism and 
then bringing the emerging beams to 
focus on a screen. This may be 
achieved by using two convex lenses. 
The light source is situated at the 
focus of the first lens so as to make the 
beam of white light consist of parallel 
rays. The screen is located at the focus 
of the second lens. By using this im- 
proved apparatus the coloured bands 
(images) are easily distinguished, and 
it is found that white light is made 
up from light of the following colours 
—violet, indigo, blue, green, yellow, 
orange, and red. 

A prism is able to separate white 
light into its colours because the 
various coloured rays have different 
wavelengths. Of the visible forms of 
wave motion, violet light has the 
shortest wavelength and is refracted 
by the greatest amount on passing 
through the prism (i.e. the violet is 
deviated most violently). Red light 
has the greatest wavelength of all 
colours in the visible spectrum and is 
refracted by the least amount. 


LENS FOCUSES 


4 COLOURED RAYS 
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Ray diagram’ showing how the above spec- 
trum is produced. The light rays are made 
parallel by the first lens, split into colours 
by the prism and focused by the second lens. 


If a substance is heated sufficiently, 
it will eventually start to glow, and 
the colour of the light given out is 
characteristic of the element (or 
elements) present. This is the basis 
of the flame test which is used in 
analytical chemistry to identify the 
constituents of a mixture. Sodium 
gives out an intense yellow light 
(the colour of sodium street lamps), 
while potassium glows with a lilac 
colour and hot calcium gives out an 
orange light. Gases also give out light 
of characteristic colours if they are 
confined in a sealed tube at very low 
pressures and connected to a high- 
voltage electrical supply. The red 
light given out by the inert gas neon 
is familiar in illuminated signs and 
flashing beacons. 

The coloured light given out by 
heated solids or gases at low pressure 
may be studied more closely by 
means of a spectroscope (page 312). 
In the latter apparatus the coloured 
light is split up into its component 
parts and it is found that the various 
elements give a spectrum which com- 
prises a number of coloured lines 
which have wavelengths character- 
istic of the particular element. So 
well defined are these spectral lines 
that they serve as a ready means of 
identifying the elements present in 
quite small samples, or of detecting 
minute traces of impurities. 
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VANGELISTA Torricelli was born in 1608 at Faenza 

on the Adriatic side of Northern Italy. He was educated 
there and later at the University of Rome. Then he be- 
came a pupil of the ageing Galileo. His work was in fact 
a continuation of that done by Galileo. 

He is best known as the inventor of the mercury baro- 
meter—an instrument which, with only ‘slight modifica- 
tions, is used today for accurately measuring the pressure 
of the atmosphere. Galileo and Torricelli already knew 
that ordinary lift pumps would not raise water more 
than about 30 feet. The reason seems quite simple 
to us—the water is actually lifted by the pressure of 
the atmosphere acting on the water in the well trying 
to push it up the pipe. However, a column of water 30 
feet or more in height is not a very convenient subject 
for experiments, and since it has to be contained in a 
metal pipe, observation and measurement of its height 
cannot easily be carried out. Torricelli realized that the 
weight of a column of mercury (13°6 times as dense as 
water) only 30 inches high is equal to the weight of a 
column of water 34 feet high. So he suggested that, in the 
experiments which developed from his investigations into 
the working of pumps, mercury be used instead of 
water. A glass tube, about 3 feet in length, was filled with 
mercury and turned upside down so that its open end 
was in a trough of mercury. The mercury level in the 
tube was seen to fall until its height was about 30 inches. 
The weight of the 30-inch column of mercury was being 
balanced by the weight of the atmosphere acting on the 
surface of the mercury in the open trough. Because the 
tube was sealed there was no air above the mercury to 
push down upon it. Torricelli concluded that the spacé 
above the column was a vacuum. 

This discovery created an uproar because until that 
time people had followed the teaching of Aristotle who 
said that nature would not tolerate a vacuum. A vacuum 
made in this fashion is still known as a Torricellian 
vacuum. 

Torricelli measured the height of the mercury column 
from day to day and coneluded that it varied with the 
weather. His idea that this was tied up with air pressure 
was verified by young Blaise Pascal, who succeeded in 
showing that the column was shorter in rarefied mountain 
air. Since it could be used for measuring air pressures, 
Torricelli’s mercury column was the first barometer. 

The invention of the barometer is not Torricelli’s only 
claim to fame. He also experimented with lenses and 
managed to produce magnifying lenses of very accurate 
shape by moulding small blobs of glass. He succeeded 
Galileo as mathematician to the Grand Duke of Tuscany. 

He died in Florence at the early age of 39. 
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HYDROSTATICS 


Balloons 
and 
Airships 


TOY balloon filled with air is very 

disappointing—it will not rise. 
The same balloon filled with hydro- 
gen floats gently upwards into the sky. 
Why do they differ? The reason is that 
hydrogen is very much less dense than 
air, and a balloon full of hydrogen 
(density 0-09 gm./litre) weighs less 
than the same balloon full of air 
(density 1-2 gm./litre). In fact the 
hydrogen-filled balloon, even includ- 
ing its rubber ‘envelope’, is lighter 
than a similar volume of air. Because 
it is ‘lighter than air’ the balloon 
rises. 

At the same temperature and pres- 
sure all gases contain the same num- 
ber of molecules in a given volume. 
But since a molecule of one gas has a 
different weight from a molecule of 
another gas, equal volumes of dif- 
ferent gases do not usually weigh the 
same (see page 472). Hydrogen 
molecules are the lightest of all and 
hydrogen gas is far lighter than air. It 
was used in airships and is still used to 
lift meteorological balloons. Coal gas 
and helium are also light gases which 
can be used in place of hydrogen for 
filling balloons. 

When a gas is heated it expands. 
This simply means that the heat in- 
creases the speed of its molecules 
(which are constantly in motion), 
making them bounce off each other 
harder and fly farther apart. As they 
fly farther apart the gas becomes less 


On May 6th, 1937, just as the airship 
Hindenburg had completed a flight from 
Germany to the U.S.A., a stray spark 
ignited one of its hydrogen compartments. 
The other two compartments exploded 
almost immediately and the airship was 
reduced to a mass of twisted metal. This 
Stratosphere research balloon ready to be spelled the end of airships as commercial 
released. It will fill out as it rises. passenger carriers. 
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If an upturned paper bag is held with its open end over a 
heater it will tend to rise. This is what the French paper-maker 
Joseph Montgolfier discovered in 1782. He designed a silk 
bag, with a capacity of 40 cubic feet, burned paper in the open 
end and found that the bag distended and rose to the ceiling. 
The reason for it is that air, when heated, expands, becomes 
less dense and consequently lighter. 


dense, i.e. lighter. This was the prin- 
ciple used in the old-fashioned hot-air 
balloons pioneered by the Montgolfier 
brothers. These balloons had an 
opening at the bottom in which a fire 
burned. The heated air inside ex- 
panded and became less dense (lighter) 


COLD AIR AIR 


COLD 
AIR 


COLD AIR AT 
SAME 
TEMPERATURE 


(Left) Cold air surrounded by air at the same temperature. 
The molecules of both are equally spaced. Consequently 
both have the same density and weight. (Centre) Warm air 
surrounded by cold air. The molecules of the warm air are 
more widely spaced than those of the cold air. The warm air 
is less dense and lighter than the surrounding cold air. (Right) 
Hydrogen surrounded by air. Hydrogen is lighter than air 
because its molecules weigh less. 


until the total weight of hot air plus 
balloon plus passengers was less than 
the weight of air it displaced. The 
balloon then rose. 

Because gases expand on heating, 
the bottom of a gas-filled balloon is 
left open. If it were closed the gas, ex- 


In 1783 F. F. Pilatre de Rozier and the Marquis d’ Arlandes 
made the first free ascent in a ‘hot-air’ Montgolfier balloon 
in Paris. They covered almost six miles before descending. Ten 
days later, Professor Charles and a mechanic, Robert, also 
setting off from Paris, covered 27 miles in a hydrogen-filled 
balloon. In 1836 Thomas Monk Mason, Robert Holland and 
Charles Green, made a flight from London to Weilburg (Ger- 
many). This record of 480 miles stood until 1907. 


panding as the Sun’s rays warmed the 
balloon, would probably burst the en- 
velope. Gases also expand when the 
pressure acting on them is reduced. 
For this reason a balloon intended for 
an ascent into the stratosphere is only 
partially filled. The air-pressure in 


the stratosphere is so low that the 
gas in the balloon is able to occupy 
a much bigger volume than it did on 
the ground. The expanding gas fills 
out the envelope and forces it into a 
round shape. 

A balloon is driven along by the 
wind. An airship has engine-driven 
propellers and some kind of rudder 
which enables it to be navigated. Air- 
ships are cigar-shaped rather than 
round because a round balloon tends 
to rotate and is difficult to steer. 
The largest airships had metal frames 
covered with fabric containing huge 
bags full of hydrogen. They also 
carried tanks of water which could be 
released to lighten the airship when- 
ever it was necessary to rise. Releasing 
hydrogen allowed the airship to 
descend. 

Hydrogen is one of the most in- 
flammable substances known. This is 
partly the reason why airships are 
so impracticable. 


By 
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HIS is the age of the machine, and nowhere more so 

than in the baking industry. The making of bread, 
traditionally one of the more important of the house- 
wife’s tasks, is now becoming the province of specialised, 
highly automated factories. The old skills are being 
replaced by scientific techniques which ensure accurate 
control of the factors that make good bread. The con- 
tinuous method of bread-making described in this article 
was developed in the U.S.A. It ought perhaps to be 
stated that this is only one rather specialised method, 
and the exact processes may vary with the particular 
manufacturer. 

‘When the wheat grain comes in from the farms and 
from overseas, it is first cleaned. A series of ingenious 
machines extract all foreign matter from the grain, then 
scour it, brush it and wash it. After this the grain proceeds 
to the roller mills where each tiny grain is separated into 
its many parts. These are graded, sized automatically 
and sieved. Finally the best parts of the grains are 
ground very finely into flour. 


The Action of Yeast 
The first stage of the actual bread-making begins in the 
brew tanks—containers filled with a mixture of water, 
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(Left) Cleaning the wheat to extract 
JSorergn matter. The grain is then scoured, 
brushed and washed. (Above) After the 
wheat grains have been broken down, they 
are graded, sized and ground into flour. 


salt, yeast and other enriching substances. This mixture 
is allowed to ferment for a time at a steady temperature. 
The yeast ‘fungus’ uses sugars in the mixture to produce 
carbon dioxide and alcohol. When this fermentation is 
well under way the brew tank mixture is added to flour 
in a pre-mixer to produce bread dough. The quantities of 
the various ingredients have to be carefully measured 
to ensure that the bread will be of good quality. 

From the pre-mixer the dough is passed to the developer, 
where the constituents are thoroughly mixed together— 
the equivalent of ‘kneading’ dough at home. It is cut up 
into small, carefully weighed pieces, which are then put 


View of the ‘brew tanks’ where yeast ferments with salt, water and 
other ingredients. The ‘brew’ is then passed to the pre-mixer where 
it joins the flour. 


Weighing the flour in a special weighing 
feeder. Later the flour is passed through a 
sieve to the pre-mixer to be joined with the 
yeast ‘brew’. Careful control of the quanti- 
ties of ingredients is essential. 


into the bread pans (baking tins), each the size of an 
individual loaf. The dough in the bread pans is moved 
slowly along a conveyor belt into the final prover. Here, 
under a controlled temperature, the yeast is allowed to 
ferment further in the dough, resulting in the production 
of bubbles of carbon dioxide gas. Because of the spongy 
and sticky nature of the dough (largely the result of the 
presence of gluten, a protein in the flour) the bubbles do 
not escape from the bread but stay within it. They make 
tiny spaces within the dough, and make it increase in 
size (rather like blowing up thousands of tiny balloons 
inside it). The yeast also produces small amounts of 
alcohol, but these are driven off during baking. (The 
action of yeast was described rather more fully in a 
previous article, see page 225.) 

From the final prover the dough in the pans is fed 
automatically into the ovens. Here temperatures are 
carefully watched as the bread is baked, at a rate of 
almost 3,000 loaves an hour. The actual length of the 
baking process is governed largely by the nature of the 
dough. Dough is a poor conductor of heat and a con- 
siderable time is taken for the heat to be passed from the 
surface to the centre of the loaf. Even at an oven tempera- 
ture of about 450°F. that at the loaf centre rarely 
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From the pre-mixer the flour-yeast mixture 
travels to the developer where it is mixed 
mechanically. The final dough emerges in 
small, weighed portions and is put into the 
bread pans on a conveyor belt. 


WHAT HAPPENS WHEN 
BREAD IS BAKED 


1. As oven temperatures rise, to begin 
with the yeast works faster and produces 
large quantities of gas—which together 
with the expansion of the gas with heat 
produces rapid rising of the bread. 

2. At about 108°F. the yeast cells be- 
come inactive and growth stops. 

3. At about 130°F. yeast is killed. 

4. As the temperature continues to rise 
some of the starch cells from the flour 
burst and begin to turn to ‘jelly’, and 
diastase (an enzyme) works to produce 
maltose and dextrin (sugars) inthe bread. 
5. At about 170°F. this action of the 
diastase ceases. 

6. From about 122°F.-176°F. the struc- 
ture of the gluten proteins from the 
flour is changed. From this point the 
loaf becomes more ‘crumby’, like that 
we buy in the shops. 

7. Later steam and alcohol escape from 
the middle of the loaf, while its surface 
loses moisture and the crust begins to 
form. 

8. At about 230°F.-248°F. yellow dex- 
trins (sugars) are produced in the crust 
and these change to form the brown 
colour at 320°F. The dark brown colour 
is produced at temperatures over 392°F. 
Note: During baking a 2-Ib. loaf loses 
about 24 ozs. of water. 


exceeds 212°F. Finally the baked brown loaves of bread 
emerge and a machine called a de-panner separates them 
from their bread pans. The pans are returned by con- 
veyor belt to the developer for re-use. The baked loaves, 
still hot, are weighed and then passed to a cooling room. 
After cooling they are ready for wrapping and, if necessary, 
slicing. 

These are the main stages of baking bread on the grand 
scale. Not all bakers, of course, use automation to such 
an extent, though the trend is definitely in this direction. 


The dough in the pans 1s passed into the final prover, where under 
controlled heat and humidity it rises, prior to baking in the 
ovens. 
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| INORGANIC CHEMISTRY | 


CARBON 


and its 
Inorganic 
Compounds 


OR centuries the diamond has been 

much sought after as a gem stone. 
Its great attraction, compared with 
most gems, is its brilliance due to the 
multitude of reflections of light falling 
upon the cut stone. Diamonds were 
originally thought to be rare, but a 
number of important finds in the 
Republic of South Africa have necessi- 
tated a strict control on the export of 
new diamonds in order to maintain 
their market value. 

Diamond is but one form of the 
element carbon; another is the black, 
greasy powder known as graphite. 
Although both contain identical car- 
bon atoms, the structures of these two 
forms (allotropes) have marked dif- 
ferences. The great strength of 
diamond can be explained in part by 
the regular arrangement of its atoms 
in space. Each atom is linked to its 
four nearest neighbours—four bonds 
are equally arranged in space around 
each atom. In contrast, the atoms of 
graphite exist in layers which are 


Artificial Diamonds 
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Carbon dioxide, together with sodium sili- 
cate, 1s used in a new method of making 
sand moulds. The picture shows the wooden 
pattern of the required metallic casting in 
position before the sand 1s added. 


only loosely held together. Three of 
the bonds link the atom to three 
other atoms in the layer, while the 
fourth holds that layer to the next 
layer either above or below. The 
latter bond is longer and weaker than 
the other three, and permits adjacent 
layers of carbon atoms to slide easily 
over one another (see page 243). 

Only those diamonds which are 
clear and have a natural sparkle are 
used in jewellery. Other diamonds 
which are inferior in appearance have 
valuable uses industrially. Diamond 
is the hardest substance known, and 
as such, is valuable in tipping cutting 
tools, from the small diamond points 
which are used for cutting or en- 
graving glass to the large drills for 
various mining operations. Graphite 
is used as a lubricant, and in the manu- 
facture of ‘lead’ pencils and rods for 
carbon arc lamps. Some electric 
furnaces are lined with graphite 
bricks. 

Carbon is present in all organic 
compounds and is an essential con- 
stituent of all plant and animal cells. 
Almost all the substances which 
burn—certainly those which are 
generally used as fuels (logs, peat, 
coal and oil)—contain carbon. This 


is because many of them are or were 
once part of living organisms. Peat 
and coal have been formed during 
very long periods of time from veget- 
able matter which has decomposed 
under pressure in the absence of air. 
Carbon in the form of charcoal can be 
obtained from wood by heating logs 
in such a way that only a small 
quantity of the wood burns. The heat 
generated drives off almost all the 
other substances present to leave 
behind charcoal which is structurally 
similar to graphite. Carbon can also 
be obtained by the carefully con- 
trolled heating of other fuels. Thus 
coal yields coke, which is fairly pure 
carbon of the graphite type. 
Although there is such a large 
number of compounds containing 
carbon, the element itself in either of 
its allotropic forms is comparatively 
unreactive. If heated strongly in air 
or oxygen both diamond and graphite 
burn to yield carbon dioxide. Char- 
coal also takes fire (but at a lower 
temperature). 
a co, 


CARBON 
DIOXIDE 


eC O, 
CARBON OXYGEN 


If there is a limited supply of oxygen, 
some of the carbon dioxide may be 
reduced by another reaction with 
carbon in which carbon monoxide is 
formed. 


c COe 2 ee 960 
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Neither diamond nor graphite is 
attacked by dilute acids or alkalis. 
They are slowly oxidized to carbon 
dioxide by the action of such powerful 
oxidizing agents as potassium di- 
chromate acidified with sulphuric 
acid. Carbon monoxide is formed 
when either allotrope reacts with 
molten washing soda (sodium car- 
bonate). 

Carbon monoxide and carbon di- 
oxide are the principal oxides of 
carbon. They. are both colourless gases 
and both are poisonous, but for dif- 
ferent reasons. When air is breathed 
into the lungs some of the oxygen 
combines with the haemoglobin of the 
blood to yield oxyhaemoglobin which 
is easily decomposed. It is by means 
of this compound that oxygen is con- 
veyed by the blood around the body. 
However, if quite a small quantity of 
carbon monoxide is inhaled it com- 
bines with the haemoglobin and a 
very stable bright red compound— 
carboxyhaemoglobin—is formed. As 
a consequence not so much oxy- 
haemoglobin can be formed and the 
body becomes starved of oxygen. 

Carbon dioxide dissolves in the 
blood stream and the presence of a 
large excess of this gas in the air 
results in an increase in the acidity 
of the blood. This can in turn upset 
the balance of the respiratory system. 
Although large excesses of carbon 
dioxide in the blood can be fatal, a 
certain minimum concentration is 
necessary to stimulate breathing. A 
reduction in the proportion of oxygen 
in the air is far less dangerous than 
an increase in the proportion of 
carbon dioxide. The part which these 
gases play in respiration will be con- 
sidered in more detail in a future 
article in the Physiology series. 

Carbon monoxide burns with a 
blue flame. As a reasonable quantity 
of heat is released when the gas burns, 
and as it can be produced quite easily 
and cheaply, it is used industrially as 


a fuel. In practice a mixture of carbon 
monoxide and nitrogen, known as 
producer gas, is made by blowing air 
through a bed of red-hot coke in a 
closed vessel called a gas-producer. 
This gas is used extensively in in- 
dustry, but it does not give out so 
much heat as the same volume of coal 
gas. 

Carbon dioxide is a colourless, 
dense gas which dissolves in water. 
A solution of the gas in water contains 
a small quantity of carbonic acid, the 
salts of which are known as car- 
bonates. Carbon dioxide does not 
burn and very few substances will 
continue to burn when placed in the 
gas. Magnesium, sodium and potas- 
sium are exceptions. Magnesium re- 
duces the carbon dioxide to carbon and 
is itself oxidized to magnesium oxide: 
> 


2MgO + C 
MAGNESIUM CARBON 
OXIBE 


2Mg + CO, 
MAGNESIUM CARBON 
DIOXIDE 
As carbon dioxide is dense and also 
cheap it is much used in fire extin- 
guishers for ordinary fires, though 
it should not be used on magnesium 
fires. 
Carbon dioxide is obtained as a 
by-product in the fermentation of 
sugars in the manufacture of beer and 


If carbon dioxide gas is bubbled through a 
clear solution of calcium hydroxide, the 
liquid becomes cloudy due to the formation 
of white grains of calcium carbonate. 
Exhaled air contains carbon dioxide. 


spirits, and this is the principal 
commercial source. The gas is given 
out during the process of breathing, 
but a balance in the composition of 
the atmosphere is maintained because 


green plants take in carbon dioxide. 
They use it in the process of photo- 
synthesis (see page 206). 

The presence of carbon dioxide in 
air which is breathed out of the lungs 
can be shown by blowing into a test 
tube containing lime water (a very 


Producer gas, a mixture of carbon monoxide 
and nitrogen, 1s formed in a vessel such as 
this by blowing air through a bed of red- 
hot coke. 


Carbon dioxide is set free if dilute hydro- 
chloric acid is poured on to marble (calcium 
carbonate) or other metallic carbonates. 


dilute solution of calcium hydroxide). 
Small particles of insoluble calcium 
carbonate are formed. These are 
white and give the solution a cloudy 
appearance. This is used as a test for 
carbon dioxide. 
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| PHYSIOLOGY | 


THE HEART AND CIRCULATION 


its main features the blood 
Eien conforms to the same basic 
plan in all vertebrates. As the verte- 
brates have evolved, changes in the 
blood system have taken place, some 
associated with the great change from 
breathing oxygen dissolved in water 
to breathing oxygen in the air. This 
came about when the transition from 
dwelling in water to living on land 
occurred. At the highest level in the 
birds and mammals we see the evolu- 
tion of a high-pressure system in 
which a rapid circulation is main- 


tained and in which oxygenated 
blood from the lungs is kept separate 


from deoxygenated blood that is 
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passing to the lungs. Adequate fuel and 
oxygen can thus be carried to the tis- 
sues and waste materials transported 
away quickly. Such a system permits 
the continuous activity that we 
associate with birds and mammals. 
In gill-breathing vertebrates (e.g. 
fishes) blood flows forwards from the 
heart along the ventral aorta in the 
floor of the throat. A series of vessels 
pass upwards from the ventral aorta 
to the gills on either side of the throat. 
There they break up into a fine 
meshwork of capillaries which pro- 
vide a much increased surface area 
in contact with dissolved oxygen in 
the water. The capillaries rejoin_to 
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form vessels that pass upwards to 


/join the dorsal aorta, along the hind- 


part of which blood flows back to 
supply the body and, in its front 
part, forwards to supply the head. 
Branches from the dorsal aorta supply 
the various parts of the body (e.g. 
limbs, kidneys, liver and the skin). 

In the tissues the arteries break 
down into a system of capillaries. 
These are so fine and form such an 
elaborate branching network that 
most of the cells are near to, or 
actually in contact with, a capillary. 
The passage of food and oxygen to the 
tissues and of waste materials in the 


opposite direction can take place 
quickly. If these materials had to 
‘seep’ (diffuse) over greater distances 
between larger (less divided) vessels the 
rate at which the tissues work would be 
very much slower. Indeed it is doubt- 
ful if they would receive sufficient food 
and oxygen, for diffusion As efficient 
only over very short distances. 


v ims s from the 
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~ and carry blood from the back 


* (dorsal) part of the body, the head 


and the limbs; veins draining the 
lower (ventral) part of the body 
wall; and, in animals with lungs, 
he pulmonary veins. 

One of the most striking series of 
structural changes that has taken 
place during the course of verte- 
brate evolution has concerned the 
vessels that pass from the ventral 
aorta to the dorsal aorta—the so- 
called aortic arch system. 

In the embryos of vertebrates six 
pairs of aortic arches can usually be 
recognised (numbered 1-6 from front 
to rear). They are vessels that run 
uninterrupted between the ventral 
aorta and the dorsal aorta. As the 
gill slits open and begin to work, a 
capillary system is established and 
so the vessel is interrupted—i.e. 
divided into two parts, an afferent part 
(to the gills) and an efferent part 
(away from the gills). The arches 


The primitive vertebrate heart consisted of 
four chambers. 
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develop from the front to the back. 
| Fishes have gills and breathe oxygen 
dissolved in the water. The arches 
still carry blood to and from the 
gills. In adult fishes arch 1 re- 
mains only as the efferent part. The 
afferent part is lost and the spiracle 
is supplied with blood that is already 
oxygenated from the efferent part 
of arch 2. Thus the spiracle is not 
a true gill. The part of arch 1 that 
remains supplies the eye with blood. 
In most bony fishes arch 2 is lost and 
in tetrapods—a term which includes 
all amphibians, reptiles, birds and 
mammals—the first two pairs of arches 
are lost. Most tetrapods lack gills as 
adults. They live on land and have 
lungs. The third pair of arches forms 
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IN VERTEBRATES 


the part of the carotid artery near the 
heart (the carotid is the main artery 
carrying blood to the head). The 
fourth pair of arches becomes the 
systemic arch which curves backwards 
to the body on either side of the 
heart and joins behind the heart to 
form the vessel supplying the body. 
In amphibians (frogs, etc.) and most 
reptiles both the right and left arches 
remain in the adult, but in birds only 
the right remains and inma 
the left remains. In the latté 
called the aorta (see pages 4 
The sixth pair of arches form 
the pulmonary arteries. This] 
even in lung-fishes where b 
the lungs is obtained from £ 
arch or from the aorta be 
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The heart déyelops aw a series Of 
swellings alongethe_ main vessel passé 


ing blood from th® “hidhy to the gills \ 


for reoxygenation. Pfimifively it cons 
sists of four chambers. From back toe 


front these are the sinus venosus, the ‘ i 


atrium or auricle, the ventricle, aad the 
conus arteriosus. The four chambers 
of the bird and mammalian heart do 
not correspond to these, for the sinus 
and conus have been lost, and the 
auricle and ventricle have each been 
divided into two, so that the heartsi is 
a double pump and not a single ¢ one.. 
The growth of the heart is / 


uniform in all parts—some Partsg 


grow faster than others. This producg 
a kinking which becomes so exaggef- 
ated that even in a fish the auricle 
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lies in front of and above the ventricle. 
Valves develop between each cham- 
ber and the pacemaker (sinu-auricular 
node) develops near the border be- 
tween the sinus and the auricle. Here 
the heartbeat initiates. A band of 
fibres (the bundle of His) runs from 
near this to the ventricle, so that 
contraction spreads from the auricle 
through to the ventricle. 

This four-chambered heart is 
typical of shark-like fishes (in -bqny 
fishes the conus has been lost). 

The sinus serves as a reservoir in 
which venous blood collects upon 
returning from the body. The auricle 
is thin-walled and contracts weakly. 
The ventricle is a powerful pump 
whose contraction is mainly respon 
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sible for moving the blood. The conus 
is muscular and provided with valves. 
Blood returning sluggishly in the 
large sinuses causes the thin-walled 


sinus to swell. As it contracts blood 
is forced into the auricle, since the 
valves at the hind end of the sinus 
close. The auricle swells and contracts, 
forcing blood into the ventricle and 
swelling it. This contracts to drive the 
blood forward through the gills. The 
pressure of blood flowing to the gills 
is thus gradually built up in the heart. 

In both bony and shark-like fishes 
the blood passes through all the 
chambers of the heart on its way to 
the lungs to be oxygenated. These fish 
are said to have a single circulation. The 
pressure of the blood is lowered by its 
passage through both the gill capil- 
laries and the capillaries in the head 
and body. 

In land vertebrates we can follow 
the probable lines which the evolu- 
tion of a double circulation has 
followed. With the development of 
lungs in place of gills both oxygenated 
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blood from the former and deoxy- 
genated blood from the body are 
passing into the heart together. This 
is an undesirable situation, for much 
of the oxygenation is wasted and 
blood passes to the body containing 
only a moderate amount of oxygen 
instead of being rich in oxygen. 
Obviously, then, a state of affairs is 
preferable where oxygenated and 
deoxygenated blood are kept apart. 
In lung-fishes, relatives of which were 
the ancestors of land vertebrates, 
both the auricle and ventricle are 
partly divided into two and _ the 
ventral aorta is short and twisted. Its 
valves are arranged so that most of 
the blood from the left side of the 


BIRD—HEART AND 
MAIN VESSELS 
(seen from below) 


SUBCLAVIAN - 
ARTERY (TO 
FORE-LIMB) 


LEFT COMMON 
CAROTID ARTERY 


PULMONARY 
VEIN 
PULMONARY HEAR 
ARTERY u 


PATIC 
VEIN 


LIVER 


HEPATIC 
PORTAL 
VEIN 


HE! 
E 


RAT—MAIN BLOOD VESSELS 
(VEINS FROM HEAD NOT SHO 
- 


auricle passes into the first two aortic 
arches and that from the right side 
passes into the hind two arches. Thus 
some degree of separation is obtained. 

In amphibians the auricles are 
completely divided into two. Blood 
poor in oxygen that is returning from 
the body enters the right auricle and 
blood from the lungs enters the left 
auricle. The ventricle is not divided, 
but flaps of spongy tissue probably 
prevent complete mixing of the blood 
in the ventricle. In most amphibians 
much of the oxygen required is ab- 
sorbed through the skin into the blood 
vessels there. Oxygenated blood from 
these enters the right auricle, so there 
is less point in keeping blood from the 
auricles separate in the ventricle. 

In most reptiles the ventricle is 
almost completely divided into two. 
There is a slight gap in the dividing 
wall where the arteries to the body and 
lungs leave the heart so that a little 
mixing can take place. It is only in 
birds and mammals that we see a 
complete division of the ventricle into 
two and consequently complete separ- 


ation of oxygenated and deoxygenated 
blood. 
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T IS sometimes difficult to empty 
a vessel of liquid directly, i.e. by 
tipping it up, due perhaps to its size 
or position. But all that is needed to 
overcome this difficulty is a bent glass 
tube or a flexible pipe. One end of 
the tube is placed in the vessel below 
the surface of the water (or whatever 
liquid it contains) while the other 
end is allowed to hang outside be- 
neath the base of the vessel. The pipe 
is then filled with water. Once this has 
been done water will flow out through 
the pipe until the vessel is empty 
(always providing that the end of the 
tube in the vessel remains sub- 
merged). 
This simple arrangement is called 
a siphon and its action is based upon 
atmospheric pressure. Owing to the 
great weight of the air surrounding 
the Earth, the atmosphere exerts a 
pressure of 14-7 pounds per square 
inch at sea level. Thus the atmosphere 
exerts a downward force of 14:7 
pounds on every square inch of the 
surface of the water in the vessel. 


LIFTING DEVICE 
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The flushing system of a water closet 
depends entirely upon the siphon principle. 


This tends to push the water up the 
submerged tube, just as it forces a 
column of mercury up the tube in a 
barometer. But in this case the tube 
is open at both ends, so there is a 
similar atmospheric pressure operat- 
ing at the other end which tends to 
force the water back into the vessel. 
If there was nothing else to take into 
account, the water would flow neither 
into, nor out of, the vessel, for the 
pressure would be exactly the same at 
both ends of the tube. This is why 
the outlet end of the tube must 
always hang below the level of the 
water in the vessel. In this way the 
pressure which tends to force the 
water out through the tube can over- 
come the pressure which tends to 
force it back. The reason is quite 
simple: there is a greater weight of 
water in the outside arm of the tube 
than in the inside arm and hence a 
greater pressure. In other words the 
pressure which tends to force the 
water out through the tube is greater 
than the pressure working in the 


PRESSURE OF 


The pressure of gas in a soda siphon 
forces the liquid out of the container. 


The pressure at point A equals the 
pressure at point B for both repre- 
sent atmospheric pressure. If the pipe 
stopped short at B no water would flow 
through it for the pressure at both ends 
would balance. The downward pressure 
at point C represents atmospheric 
pressure plus the pressure due to the 
weight of the column of water BC. The 
downward pressure at C is therefore 
greater than the upward pressure at 
that point which represents atmo- 
spheric pressure alone. Hence water can 
flow out through the pipe. 

The siphon action will only work if 
the highest point in the siphon pipe is 
less than 34 feet above the surface of the 
liquid in the vessel since the atmosphere 
cannot support a greater height of 
water than this. 


opposite direction (see diagram). 

The siphon principle has a number 
of practical applications, one of the 
most useful being the flushing system 
of an ordinary water closet. The 
soda water ‘siphon’ is not really a 
true siphon. In this case the pressure 
of the gas given off by the soda water 
is greater than the outside atmos- 
pheric pressure. Consequently the 
soda water is pushed out of the 
container under considerable pressure 
and there is no need for the outlet 
pipe to be lower than the surface of 
the liquid inside. 
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ULPHURIC acid is used in so 
many industrial processes that 
some two million tons of the con- 
centrated acid are produced in the 
United Kingdom annually. On 
account of this great demand several 
different processes for its manufacture 
have been developed over the years, 
and there are a number of variations 
in the construction and operation of 
each basic type of plant. 

Whichever process is used in the 
production of the acid, the underlying 
stages in its formation are the same. 
The only differences between the 
processes are the varying techniques 
which are used in going from one 
stage to the next. The principal 
requirements are: 

(a) a source of sulphur dioxide 

gas; 

(b) a means of oxidizing sulphur 

dioxide to sulphur trioxide;° 

(c) an absorption unit in which 

sulphur trioxide dissolves in 
sulphuric acid. 


Raw Materials 


Sulphur dioxide may be obtained 
by burning any one of a number of 
sulphur-containing compounds. The 
choice of compound depends upon 
the relative costs and availability, 
and varies from country to country. 
If elementary sulphur is readily avail- 
able, as in the U.S.A., this is the most 
satisfactory source since the sulphur 
dioxide obtained is reasonably pure 
and can be used without further 
treatment. Another common source 
is iron pyrites (ferrous sulphide) but 
this contains many impurities which 
have to be removed after the ore has 
been roasted. The ferric oxide clinker 
left behind after roasting the iron 
pyrites is valuable as a source of iron, 
although the pyrites itself is un- 
acceptable for the latter purpose. 

In recent years the use of anhy- 
drite (natural anhydrous calcium sul- 
phate) as a source of sulphur dioxide 
has found favour in Britain where 
there are extensive deposits close to 
existing chemical works. Portland 
cement clinker is obtained as a by- 
product in this two-stage process for 
obtaining sulphur dioxide. Calcium 
sulphate is first reduced to calcium 
sulphide by the action of red hot voke 
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(800°C.). The calcium sulphide is 
then oxidized to yield sulphur dioxide 
and calcium oxide. The latter sub- 
stance must be neutralized immedi- 
ately. This is done by the addition of 
clay, and cement clinker is formed. 
The sulphur dioxide obtained by this 
means also tends to contain fine dust 
and other impurities which need to 
be removed before the gas proceeds 
to the next stage. 


Conversion 

In the converters sulphur dioxide 
combines with atmospheric oxygen 
to give sulphur trioxide. The yield of 


this oxidation reaction is_ only 
economical if carried out in the 
presence of a catalyst. Irrespective of 
the catalyst which is used, the reaction 
is accompanied by the generation of 
a large quantity of heat which has to 
be removed. 

In the Contact Process a mixture of 
sulphur dioxide and atmospheric air 
is passed over a heated bed of solid 
catalyst. The catalysts most frequently 
used in this process are platinum, 
distributed in fine grains over asbestos 
wool, and various compounds of 
vanadium. The latter catalysts are 


protected by numerous patents. 


Three Sources of Sulphur Dioxide 
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Vanadium catalysts are frequently 
supported on certain forms of silica 
or zeolites (alumino-silicates). As 
solid catalysts are quickly rendered 
inactive by the presence of foreign 
matter, great care has to be taken in 
the removal of dust and harmful 
gases from the sulphur dioxide and 
atmospheric oxygen. 

In the Lead Chamber Process, so 
named because the conversion takes 
place in a lead-lined vessel, gaseous 
catalysts (oxides of nitrogen) are 
employed. In a series of reactions 
nitric oxide (NO) reacts with atmos- 
pheric oxygen to give nitrogen per- 


oxide (NO,) which in turn combines 
with sulphur dioxide and water in 
the presence of strong sulphuric acid 
to yield nitrosyl hydrogen sulphate 
(HO.SO,.NO,). When the latter 
substance is decomposed by the addi- 
tion of water, oxides of nitrogen are 
set free and sulphuric acid is left 
behind. For this process to operate 
economically, it is essential that the 
oxides of nitrogen which are liberated 
by the decomposition of nitrosyl 
hydrogen sulphate should be re- 
covered and returned to the chamber. 

The Gay Lussac Tower downstream 
of the lead chambers serves to recover 


Two Methods of Conversion 
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Sulphur dioxide is obtained either (a) by burning sulphur, or (8) by roasting iron 
pyrites, or (c) by the decomposition of calcium sulphate. After dust and other im- 
purities have been removed, the mixture of gases (sulphur dioxide, oxygen and 
nitrogen) passes either to a Lead Chamber Plant (y) or a Contact Plant (z) where 
sulphur dioxide is oxidized to sulphur trioxide. The reaction is speeded up by a 
catalyst—either oxides of nitrogen or platinum according to the process. 


CONVERTERS 


The top picture shows a rotary kiln in 
which sulphur dioxide is obtained from 
anhydrite. Part of a Contact Plant is 
featured in the second picture. Here sul- 
phur is burned to give sulphur dioxide. 


some of the oxides of nitrogen which 
are returned to the chamber as nitro- 
syl hydrogen sulphate in acid solution. 
The main function of the Glover 
Tower is to cool the sulphur dioxide 
and air mixture before it enters the 
chamber. Some sulphuric acid is also 
formed at this stage. 


Acid recovery 


Sulphuric acid is actually produced 
in the chambers of the Lead Chamber 
Process, though the acid manufactured 
may not be strong enough for some 
applications. In contrast the Contact 
Process converter gives sulphur tri- 
oxide which reacts violently with 
water to give sulphuric acid. As’ a 
very large quantity of heat is set 
free by this reaction, the usual method 
of making the acid is to absorb the 
oxide in strong acid which can be 
subsequently diluted as required. 

The Contact Process yields a more 
concentrated acid (98%) than the 
Chamber Process (70-80%), but as 
the principal demand is for a weaker 
acid this does not matter. The Con- 
tact Process is preferred as the plant 
is more compact, but it can only be 
satisfactorily run at the capacity for 
which it is designed. 
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COIL of wire with a current flow- 

ing round it acts like a magnet. 
In the D.C. motor (see page 470) 
there were three magnets — two fixed 
permanent magnets and the ‘ghost’ 
electro-magnet which was illustrated 
as a ‘ghost’ to indicate the magnetic 
field, the result of the direct current’s 
flowing round the rotating coil. The 
force which turned the coil came 
from the interaction of two magnetic 
fields—the stationary field of the 
permanent magnets and the rotating 
field of the single coil. When a com- 
mutator was added to the motor and 
the number of coils on the rotating 
part (called the armature) was in- 


THE FIELD WINDINGS 
—A FEW TURN 


and Shunt 


are replaced by electro-magnets. The 
shaped soft-iron pole-pieces become 
magnetized when a current is passed 
through the coils of wire wound 
round them. To create a steady field 
like the magnets they replace, the 
electro-magnets must be magnetized 
with direct current. Thus all the parts 
of the motor operate on direct cur- 
rent, and obviously they will all be 
connected to the same D.C. supply. 
The coils wound around the electro- 
magnets (the field windings) and the 
coils wound around the armature 
(called the armature windings) are in 
fact connected to one another. Only 
the armature current must pass through 


the commutator to reverse its direc- 
tion twice per rotation: the current 
through the field windings is not 
reversed. There are three basic ways 
in which armature and field windings 
can be connected, and which dis- 
tinguish the three common types of 
direct-current motors — series-wound, 
shunt-wound and compound-wound. 

In the series-wound motor the 
windings are connected in series — 
they form one continuous circuit and 
the same current flows through all of 
them. And since the field windings 
carry the same heavy current driving 
the motor, the field windings are 
made from a few turns of very thick 
wire. 

In the shunt motor field windings 
and armature windings are connected 
in parallel across the power supply. 
The field windings are said to be 
shunted across the armature windings, 
and the currents flowing in them are 
different. The field current (in the 
electro-magnets) is in practice much 
less than the current in the armature 
and is independent of it. In this way 
the shunt-wound motor behaves very 
much like a D.C. motor with per- 
manent magnets as pole pieces. The 
field windings are made from a great 


= THE THREE DIAGRAMS = 
SHOW THE ACTION OF 
THE COMMUTATOR 


The same current is supplied to all windings, but the commutator reverses the current 
through the rotating armature. 


many turns of fine wire as they do 
not have to stand up to a very heavy 
current. 


_ SERIES-WOUND MOTOR 
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creased (see page 485) the rotating 
field could be made to stay still while 
the armature moved. A steady, con- 
stant force then acted on the arma- 
ture, which steadily rotated at a speed 
determined by the amount of current a 
flowing in its coils. Reversing the _ 
‘direction of the current reversed the -e e+ = ' 
motor. SHUNT-WOUND MOTOR 

In most practicable D.C. electric The field windings are shunted across the armature windings. A different current flows 
motors the two permanent magnets each. 


e+ 


e+ 


The compound-wound motor, as 
its name suggests, has its field wind- 
ings and armature windings con- 
nected in series and in parallel at the 
same time. 

One of the many advantages of 
using electro-magnets in place of 
permanent magnets is that a north- 
pole piece can be changed to a 
south-pole piece and vice-versa by 
reversing the direction in which 


COMPOUND-WOUND MOTOR 


The field electro-magnets are magnetised by both series and parallel windings. 


current flows round it. It gives an 
alternative method of reversing the 
motor (it can also be reversed by 
changing the direction of current 
through the armature windings). 
This, of course, applies only to 
shunt- and compound-wound motors. 
Reversing the current through a 
series motor reverses the current 
through all of the windings and the 
net result is that the motor continues 
to rotate as before. 

The speed of the motor depends on 
the current supplied to all the wind- 
ings, because the magnetic field in 
each increases with the current. So 
in shunt and compound motors the 
speed can be varied by a rheostat, or 
variable resistance in the field circuit. 
This is generally preferable to chang- 
ing the armature current with the 
starting resistance. 

What useful purpose do_ these 
different windings serve? It must be 
remembered that the function of any 
motor is to do work, and the different 
methods of connection fit the motor 
for particular kinds of work. The two 
important factors in the performance 
of the motor are its speed and torque 
(turning force) which it transfers 
along its shaft to move a machine, 
called the load. The way in which 
current flows around the motor coils 
alters the way the speed and the 
"POLARITY OF 

MAGNET 
CHANGES 
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REVERSING THE COMMUTATOR CURRENT 


fields produced by both the windings. 
Because both fields are increasing and 
decreasing at the same time the turning 
force, or torque will alter considerably, 
and by increasing the current by even 
a small amount, the motor will 
rapidly accelerate. It would start to 
rotate dangeroulsy fast if the torque 
had to rotate only the relatively 
light armature. So the large starting 
torque is controlled by initially con- 
necting the motor to a machine 
driving a heavy load. The speed of a 
series-connected D.C. motor is very 
sensitive not only to changes in the 
current, but also to changes in its 
"POLARITY OF 
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REVERSING THE FIELD CURRENT 


A shunt motor can be reversed by reversing the current either to the commutator, or 


to the field magnets. 


torque vary. 

The speed of the motor depends on 
the currents flowing through all the 
windings. In the series-wound motor 
the same current flows through the 
field windings and via the com- 
mutator, through the armature wind- 
ings. The device which alters the 
current supply — it may be simply an 
extra, variable resistance, or rheostat 
-automatically alters the magnetic 


load. It runs slowly with a heavy load 
and quickly with a light load. Series- 
wound motors are used, therefore, 
when a load has to be accelerated 
quickly rather than moved quickly. A 
good example of this is the crane or 
excavator where the heavy load is 
lifted from rest. They are also used 
in electric trains, because of the very 
rapid acceleration this type of motor 
can give. 


In the shunt-wound motor, on the 
other hand, the driving current in 
the armature is independent of the 
field current. Initially the armature 
current is limited by the starting 
resistance, and as the current in 
both windings is small the starting 
force developed by the motor is small. 
It cannot be used to move a heavy 
load from rest, as the series motor did. 
The shunt motor is used where it is 
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possible for it to be started and 
operating at full speed before it is 
connected to the machine it has to 
operate. Because the current in the 
field windings is constant and the 
current through the armature wind- 
ings is initially limited by the starting 
resistance, the motor will rotate at 
a practically constant speed, no 
matter what load it is driving. These 
characteristics are also found in 
motors using alternating current (A.C.) 
rather than direct current. Since 
alternating current has practically re- 
placed direct current in the electricity 
supply, D.C. shunt-wound motors are 
very seldom used for large installa- 
tions. One application is the iron lung 
where the motor must rotate at 
constant speed to breathe steadily for 
the paralysed patient. 

The compound motor is used when 
the better characteristics of both 
series and shunt are to be exploited. 
They combine the high initial torque 
of the series motor with the steady 
final speed of the shunt motor. 
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A copepod parasite 
attached to a fish. 
Compare its structure 
with that of a free- 
living copepod (see 

page 56) 


The human body 
louse. Note its 
flattened body, 
clawed limbs, 
and the absence 


of wings. 


The head or 
scolex of a 
tapeworm 
showing the 
hooks and 
suckers. 


A fluke, Polystoma, 
that is an external 


parasite on frogs and 
the like. 


BIOLOGY 


Parasitic Animals 


T is commonplace to see a blackbird 
tugging a worm out of its burrow 
or a wagtail darting about over a 
lawn in the acrobatic pursuit of an 
insect; in the spring a small number 
of bullfinches will quickly play havoc 
with the buds on a lilac tree. There 
are many such examples of animals 
that are either carnivores or herbi- 


vores. But a vast animal world exists 


7 


hidden on the surface of other living 
things or concealed inside them. 
This is the world of parasites. Each 
of the animals and plants that we 
see around us has several different 
parasites so that there are in fact 
more parasites than hosts. 

It is extremely difficult to define 
a parasite. Parasites are animals that 
harm others, but a blackbird harms 
a worm and a wagtail its insect food 


‘so this clearly is not an adequate 


definition. Parasites live in close 
contact with their hosts but there are 
many close associations between in- 
dividuals where parasitism is not 
involved. A sea anemone (Adamsia), 
for example, is often found attached 
to the shell of a hermit crab. As the 
crab moves about the anemone is 
brought into contact with a greater 
supply of food and the crab no doubt 
gains a certain amount of defence by 
the action of the stinging cells of the 
anemone. Both animals gain through 


the relationship and neither is harmed 
in any way. Such a relationship is 
called symbiosis (a future article will 
discuss this topic). A parasite must 
remain in close contact with its host. 
It depends on the latter for its food 
and is unable to live a free life for very 
long. This is because most parasites 
have become thoroughly adapted to a 
parasitic existence. In doing so they 
have often lost the power of loco- 
motion, their sense organs are reduced 
(they do not meet the changing 
conditions that a free living animal 


does in exploring its environment), 
the gut may be reduced or absent and 
the reproductive system has become 
greatly developed. This is of great 
importance for, in order that the race 
shall survive new hosts must be 
contacted. The greater the number of 
offspring the better is the chance that’ 
this will happen. This adaptation may 
be compared with that of parasitic 


Gyrodactylus a fluke that lives on the 
gills of fish such as goldfish. 
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flowering plants, such as dodder, in 
which the vegetative parts are very 
reduced. The energy saved in not 
building these parts is used in the 
production of numerous tiny seeds. 
It seems probable that the ancestors 
of present day internal parasites lived 
on the outside of their hosts. Over 
millions of years and by way of many 
minute structural changes they be- 
came adapted to a life inside their 
hosts. In this way the habits, of today’s 
internal parasites evolved so that 
some now invade the innermost parts 
of the host. 

Inside another animal a parasite 
has many things to gain. It is gener- 
ally immune from the attacks of 
other animals and from inclement 
weather. Whether in the blood stream, 
gut, or cells of its host it is surrounded 
by a ready supply of already digested 
food (hence the lack or reduction of 
digestive organs). Its main concern is 
to take sufficient food for itself without 
killing its host. Before its host does 
die of other causes the parasite or its 
eggs must pass to the outside world in 
order to come into contact with 
another host. The adults of most 
internal parasites die before or with 
their hosts. The eggs pass outside the 
host and the larvae into which they 
develop often infect another com- 
pletely different host species. The 


A label and 
(left) a ripe segment 
Showing the branched 
uterus full of eggs. 


beef tapeworm, for example, infects 
both cattle and man. It is said to have 
a two-host life history. Some parasites 
infect three different hosts. 

One often marvels at the incredible 
adaptations of many free-living 
animals: the mimicry of distasteful or 
dangerous animals by harmless forms, 
the ability of fishes, cuttle-fish and 
others to change colour, the storing 
of fat by animals prior to hibernation: 
but none better the wonderful refine- 
ments of parasites. Many (e.g. tape- 
worms, hookworms) possess hooks or 
suckers with which they can hang on 
to the gut lining of their hosts. Fleas 
and many lice have claws on the ends 
of their legs with which they can 
cling to the feathers of birds and the 
hair of mammals. Gut parasites are 
able to survive in conditions where 
there is very little (if any) free oxygen. 
No doubt the fact that they are 
surrounded by food and therefore 
have to expend little energy to obtain 
it enables them to exist on a minimum 
of oxygen but even so, these are 
conditions in which few free-living 
animals are able to survive. The 
roundworm Ascaris, and tapeworms 
too, are able to resist the effects of 
their host’s digestive enzymes, and 
yet at the same time can avail them- 
selves of the digested food. One 
parasitic barnacle, Sacculina, was only 


(left) Sacculina, a barnacle, parasitic on crabs shown as a_yellow mass on the underside 
of a crab’s body; (inset) its larva, typical of barnacles; (right) a drawing showing the 
extent of the parasites ‘roots’ (shown in brown) within the crab’s body. 


Parasites and their Hosts 


Most parasitic animals belong either to 
the Protozoa (single-celled animals) or to 
the various groups of worms, particularly 
the flatworms and roundworms, though 
more and more tiny crustacean and insect 
parasites are being discovered. 

All the groups of vertebrates, and many 
invertebrates too, are known to be 
attacked by protozoans of one kind or 
another. Monocystis, for example, lives in 
the reproductive organs of earthworms 
absorbing the fluid surrounding it through 
the surface of its body. Its life cycle is 
complicated but it is probably passed on to 
other worms when the latter eat soil con- 
taining bird droppings, the infected worm 
having been eaten previously by the bird. 

Malaria parasites and trypanosomes (both 
similar to those that attack man-—see 
page 99) are found in birds. The former 
destroy the red blood cells while the latter 
live in the bone marrow and lymph system. 
Flagellates (Protozoa with flagella) are also 
found in the gut. Lice and fleas, amongst 
insect parasites, and mites and ticks are 
common on birds and mammals. All are 
adapted for a life on the outside of their 
hosts, feeding on the feathers or hair, or 
sucking blood. The larvae of warbleflies 
are parasites of economic importance. They 
are parasitic in the bodies. of mammals and 
cause considerable damage to the skin of 
cattle (producing warbles), thus seriously 
reducing the worth of their hides to the 
leather industry. One wingless fly, Melo- 
phagus (commonly called the sheep tick), 
is parasitic on sheep, another on bats. The 
larvae of tachinid flies are parasitic on the 
larvae of moths, butterflies, beetles and 
bugs. 

The flatworms (or Platyhelminthes) and 
the roundworms (Nematoda) have special- 
ised in parasitism to a greater extent than 
any other groups. Amongst the flatworms, 
the flukes and the tapeworms are all 
parasitic (see pages 99-100). 


recognised as a barnacle when the 
details of its life history were worked 
out. Its larva attaches itself to the 
outside of a crab and_ having 
spread through the tissues of the 
crab may appear as a yellow, rounded 
mass on the underside of a crab’s 
body. It is then little more than a 
mass of germ cells. 

Though the crab may eventually 
recover from the attack of Sacculina 
usually the parasite reproduces and 
many young barnacles are then avail- 
able to infect fresh hosts. 

The habit of the female cuckoo 
of laying its eggs in the nests of 
meadow pipits, hedge sparrows and 


% reed-warblers is well known. The 


cuckoo youngsters push the foster- 


parents’ eggs out of the nest and are 
Wed by the fosterparents. 
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‘THE white spotlight picks out the 

white dress of the dancer on the 
stage. To the audience the dress 
appears white. But if the spotlights 
are changed to blue, red, green, or 
any other colour, the dress will 
apparently change its colour and 
take the colour of the spotlight 
illuminating it. 

The dancer’s white dress appears 
as white because it reflects to the 
eyes of the audience the white of the 
spotlight. But a white object appears 
white only because it reflects all the 
light falling on it. When the spot- 
light is changed to red only red light 
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COLOURS 


The additive colour ‘triangle’ of light. 


falls on the dress and so only red 
light can be reflected. The dress will 
reflect blue light and appear blue, 
green light and appear green. To 
make the dress appear any colour of 
the spectrum however, need not 
necessarily mean a large number of 
different spotlights, each giving a 
beam of a different colour. In fact any 
colour effect can be produced by 
mixing the beams from three spot- 
lights—red, blue and green. These 
are the three primary colours of light. 
By mixing the beams in the right 
proportion, any visible colour can be 
made. A red spotlight and a green 
spotlight of equal intensity on the 
white dress, surprisingly enough, make 
it appear yellow. Add a blue spot- 
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IN BETWEEN 
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IMPOSED BY 

THE PRINTING 

PROCESS, THESE 
COLOURS MAY NOT 
BE EXACTLY CORRECT. 


The subtractive ‘triangle’ of pigments. 


light and the dress becomes white 
again. 

White light from the Sun or from 
the spotlight is itself a mixture of 
light of different colours. This can be 
seen by passing the light through a 
prism where the light is split up into 
its constituent colours—or spectrum. 
But as the different colours of white 
light can be separated, so they can be 
added together again. The mixing of 
all the colours. of the spectrum will 
naturally give white light again. The 
mixing of any two colours will give a 
third colour, and the mixing of the 
three special, or primary colours will 
give the appearance of white light. 
Thus white light, which can be seen 
by the prism-splitting to be a mixture 
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of a great many different colours can 
be effectively reduced to a mixture of 
the three primaries, red, blue and 
green. 

The colour ‘triangle’ is a convenient 
method for remembering the results 
of mixing lights of particular colours. 
The combination of two colours at 
the corners of the triangle gives the 
colour in between. Colours opposite 
each other in the triangle are called 
complementary colours. Their special 
property is that they will combine 
together to give white light again. 

These are the colour effects pro- 
duced by mixing different beams of 
light of different colours, and watch- 
ing their effect on a white object, 
which reflects light of all colours 
equally. A different effect accounts 
for the fact that a red object is red. 
The red object does not appear red 
because it produces light on its own, 
as the red spotlight did. It appears to 
have a particular colour because it 
reflects this colour to the audience. 
When the dancer wore a white dress 
it reflected all the white light from the 
white spotlight and so appeared 
white. If she changed into a red dress 
she would appear red under the same 
white spotlight. This is because red 


The dancer’s white dress on the left changes colour as the spotlights are changed. When 


lit by red, green and blue lights together, the dress appears white again. A red dress 
(on the right) turns black under blue or green light. 


substances sort out the red part in 
the white light and reflect it back. 
They absorb all the rest, 7.e. the blue 
and the green. Red light falling on a 
red dress is completely reflected — 
none is absorbed. But if the red dress 
is illuminated by light of either of the 
other two primary colours, it will 
appear black, or merge into the dark 
surroundings. The red _ colouring 
matter will absorb all the blue or 
all the green light, leaving none to 
reflect back to the watching audience. 
Any object from which no light is 
reflected appears, of course, black. 

As the three primary colours of 
light could be mixed together to 
produce a beam of light of any 
colour, so there are three pigments 
(colouring matters, ¢.g. paints) which 
when mixed together produce a 
pigment capable of reflecting light of 
any colour. The three ‘primary’ 
pigments are not the same as the 
three primary colours of light. They 
are in fact yellow, magenta and 
blue-green — the secondary colours of 
light. Each pigment ‘primary’ absorbs 
one of the primary colours of light 


(V7 
NE 


and reflects the other two. 

Yellow is one of the pigment 
‘primaries’. A yellow dress in a white 
spotlight (which is equivalent to a 
mixture of red, green and blue spot- 
lights) reflects the two colours of 
light which make up yellow — red 
and green. It absorbs all the blue, 
the complementary colour of yellow. 
A blue-green dress reflects blue and 
green and absorbs all the red. So if 
yellow and blue-green pigments are 


THE THREE PRIMARY COLOURS 
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A RED SURFACE 

REFLECTS RED 

AND ABSORBS 
BLUE AND 


mixed in equal proportions, the 
resultant pigment absorbs all light 
but green, which is reflected. Thus 
yellow paint mixed with blue-green 
paint gives green paint. 

The colour of any pigment is the 
result of subtracting from the white 
light all the colours the constituent 
pigments absorb, and reflecting only 
the colours common to all the con- 
stituents. All reflected light can be 
eliminated by mixing green and 
magenta pigments. The magenta will 
reflect only red and blue and the 
green will reflect only green. There 
are no colours common to both 
pigments which can possibly be re- 
flected, and the object appears black. 
The colours must, however, be mixed 
in the right proportions. If there is 
more green than magenta, some green 
light will not be absorbed by the 
magenta, so the mixed pigment 
appears dark green. The comple- 
mentary pigments are red and blue- 
green, green and magenta, blue and 
yellow. But unlike the mixing of 
coloured lights, the sum of two 
complementary pigments is black. 
Complementary colours of light 
appear white when mixed in the 
correct proportions because the beam 
of light contains all the constituents 
of white light. Complementary pig- 
ments appear black when mixed 
because a substance has thus been 
produced which will absorb all the 
constituent parts of white light. The 
pigment has subtracted from white 
light all the colours which can be 


absorbed, and has left none to reflect. 
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PROPERTIES OF ; 


ELASTIC 


A SOLID rubber ball can be squeez- 

ed, stretched, bent or twisted yet it 
will still revert to its original shape 
when the pressure or stress is removed. 
The property which enables it to 
accomplish this is elasticity. Without a 
doubt, rubber is the first material 


which springs to mind when the word : 


elasticity is mentioned, for this: 
material can be deformed a great 
deal and yet still return to its original 
form. But, strange as it may seem, all 
solids possess this property to a certain 
degree, though in most cases it is 
barely noticeable. The only metal in 
which elasticity is very well developed 
is steel and even then it must be 
hardened steel. This is produced by 


Rubber is a very elastic material. 
A rubber ball is badly deformed 
upon impact with the ground but 
always regains its original form. 


rapidly cooling or quenching red-hot 
steel in cold water, a process called 
tempering. Tempered steels are hard 
and brittle but very elastic. Springs 
are nearly always made of tempered 
steel which has been gently reheated, 
a process which destroys some of the 
elasticity but makes the steel softer 
and tougher. 

When engineers are planning a 
bridge they need to know the tensile 
strength of the steel being used in its 
construction (2.¢. the behaviour of the 
metal under forces which tend to 
stretch it) for this determines the 
number, size and position of the 
girders necessary. Similarly, the ten- 
sile strength of rubber is of great 
importance to the manufacturers of 
tyres and similar articles. The way 
in which this is determined involves 
adding weights to one end of a wire 
or strand of the substance to be 
tested, the other end being fixed. At 
first, the wire or strand increases its 
length by equal amounts if equal 
weights are added. For instance, if 
a two-pound weight stretches a steel 
wire half a millimetre, a four-pound 
weight will stretch it one millimetre, 
and so on. And when the weights are 
removed the wire or strand returns 


Machine for testing the tensile strength 
and elongation of rubber compounds. Pre- 
determined weights are used and the 
information is transferred to the graph. 


to its original length. The fact that 
the extension of a wire is proportional 
to the force applied was discovered as 
early as 1650 by Robert Hooke. But 
this process does not go on in- 
defifitely. There comes a point where 
the wire or strand begins to stretch 
much further than it should do for 
extra weights added. Moreover, when 
the weights are removed it no longer 
reverts to its original length. The 
point at which this happens is called 
the elastic limit. The amount of ex- 
tension increases rapidly after the 
elastic limit has been reached until 
the wire suddenly parts at the yield 
point. In the case of bridge-building 
the engineers then make sure that the 
girders will never have to bear more 
than a proportion of the force neces- 
sary to reach the elastic limit. 

The elastic properties of materials 
are due to forces acting between atoms 
or molecules. The reason why rubber 
can be stretched so much is that it is 
built up of long molecular chains, 
most of which are folded like tangled 
ropes. When the material is stretched 
the chains simply straighten them- 
selves out and when the force is re- 
moved they revert to their original 
tangled state. Many other materials, 
such as wool and silk, are built of 
chain molecules, but in most cases 
strong links between the chains pre- 
vent them from curling back upon 
themselves, so that elasticity is not 
pronounced. 
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Graph showing the extension of a wire 
plotted ggainst increasing load. At first 
the wire extends steadily, hence the straight 
line, but after the elastic limit has been 
reached a sharp upward trend on the graph 
shows how the. extension of the wire 
increases rapidly until the yield point is 
reached. 


Tycho Brahe’s observatory on the island of Huen. 


TYCHO BRAHE 


HE Danish astronomer, Tycho Brahe (1546-1601) 

was the first man to construct an observatory with 
very accurate, large instruments. He is famous for the 
extent and the precision of his systematically recorded 
observations from which Kepler was to derive his three 
laws of planetary motion (page 112). 

At the age of thirteen, Tycho Brahe was sent by his 
uncle to study at the University of Copenhagen. While 
he was there, an eclipse of the Sun sparked off his interest 
in astronomy. When he was sixteen his uncle sent him to 
the University of Leipzig to study law, but actually most 
of his time there was devoted to astronomy. In his 
17th year he observed a close approach of Jupiter and 
Saturn. He noticed that the tables recording their 
paths were inaccurate and set about their correction. 

His next discovery of importance was at the age of 26 
when he discovered that a new star had appeared in the 
constellation of Cassiopeia and then proved that it was 
much further away than the moon. At this time astrono- 
mers believed Aristotle’s statement that everything 
beyond the moon is unchangeable. Here was the first 
evidence that Aristotle’s statement was wrong. 

Because of his interest in astronomy and the fact that 
his wife was not of noble birth, he was unpopular with the 
aristocracy. Fortunately, he was befriended by King 
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Some instruments in the Huen observatory. (left) A sextant. 
(centre) A celestial globe. (right) An instrument for determining 
the position of stars and planets. 


Frederick II of Denmark who gave him the island of 
Huen, paid for the observatory to be built and gave him 
a salary. 

There, he observed the comet of 1577 and found that, at 
the time when he made his measurement, it was three 
times as far away as the moon. This disproved another of 
Aristotle’s theories that comets came from the Earth’s 
atmosphere. 


‘f 


The instruments in his observatory were extremely 
accurate. All previous observations had at their best 
been accurate to within a sixth of a degree, but Brahe’s 
instruments were between 30 and 60 times as accurate. 

Although he had no telescope, he observed the Sun 
and planets daily for many years and kept a careful 
record of his findings. 

On the death of Frederick II Tycho’s enemies renewed 
their persecution and he had to leave the island of 
Huen. The emperor Rudolf II gave him a pension so 
that he could work in an observatory near Prague with 
Kepler as his assistant. 

He died in 1601, bequeathing to Kepler the records of 
his observations made in the Huen observatory. Kepler 
used them to deduce his laws of planetary motion. 
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HE tuning knob on a radio receiver is connected to a variable 

capacitor. Turning the knob alters the value of this capacitor 
and hence the frequency to which the tuned circuit (simply the variable 
capacitor and a coil of wire) responds. Now the frequency of any 
particular radio wave is the same as the frequency of the to-and-fro 
surges of electrons set up by the oscillator in the transmitter. A pre- 
vious article (see page 490) described a few simple oscillators and it 
was seen that the frequency of the electron surges was controlled by a 
tuned circuit basically similar to that which tunes a radio receiver. If 
these simple oscillators were in fact used in radio transmitters the 
result would be very unhappy. To listen to a radio programme 
would involve moving the tuning knob of the receiver all the time to 
try and catch up with the programme as it drifted up and down the 
tuning dial. Worse still, one broadcast would get mixed up with 
another, and clear, steady television pictures would be almost 
unknown. The reason for this gloomy state of affairs? Simply that 
the radio carrier wave (on which the sound or T.V. signal is superim- 
posed) from each transmitter must have its own unvarying frequency, 
and the oscillators described hitherto are incapable of producing 
electron surges of very constant frequencies. The oscillators used in 
actual transmitters are fixed frequency oscillators - they produce 


A theoretical circuit of a Tuned-Anode Tuned-Grid (T.A.T.G.) oscillator. 
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electron surges whose frequencies are practically constant. Frequency 
stability is obtained here with the aid of electron-coupling and crystal 
control. Before examining these two improvements it is helpful to 
review the defects of the simple oscillatory circuit. 

First of all it has been assumed up to now that a tuned circuit either 
accepts or rejects electron surges of just one particular frequency. In 
fact this is not the case. A theoretical capacitor-and-coil circuit does 
show a maximum response to its tuned or resonant frequency but it 
also responds appreciably to frequencies just above and just below 
the resonant frequency. An actual capacitor-and-coil circuit is 
bound to have some resistance which has the effect of widening the 
range of frequencies to which the circuit responds. A carelessly con- 
structed circuit will respond indiscriminately to quite a wide band of 
frequencies. 

Secondly, we have so far neglected the effect which the circuit con- 
nected to the output of the oscillator has on the frequency of the 
oscillations. In fact the ‘load’ connected to the output forms part of 
the anode circuit, and since the anode circuit is linked to the grid 
circuit (as it must be in order to feed back enough energy to stop the 
oscillations in the grid circuit from dying away) it is only to be expec- 
ted that any change in the ‘load’ will have a profound effect upon the 
tuned (grid) circuit. In other words the frequency of a simple oscil- 
lator is only steady if every bit of every circuit which comes after the 
oscillator remains fixed. 

Crystal controlled oscillators overcome the first defect (the wide 
frequency response of a capacitor-and-coil circuit), The principle of 
crystal control is simply that a slice of quartz will vibrate mechanically 
(like a tuning fork) with a definite fundamental frequency. It will also 
vibrate with twice or three times the fundamental frequency but 
these ‘harmonic’ vibrations are so far removed from the fundamental 
that they are unlikely to cause trouble. The fundamental frequency 
depends upon the dimensions of the slice of quartz, and once the 
crystal has been cut and mounted its frequency of vibration is 
remarkably constant. Quartz is one of the few substances which shows 
the piezo-electric effect :—if a slice of quartz is stretched or compressed 
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A crystal controlled Pierce-Miller oscillator shown as a model (left) and as a 
blueprint (above). 


a voltage develops between opposite faces. If a slice is made to vibrate 
an alternating voltage develops. The reverse is also true:—if an alter- 
nating voltage is connected across two metal plates on opposite faces 
of a slice of quartz it is set vibrating with its own definite frequency. 
Thus a quartz crystal can be used in place of the capacitor-and-coil 
circuit in an oscillator. The vibrating crystal produces a small voltage 
oscillation in the grid circuit of a valve and an alternating voltage fed 
back to the crystal from the anode circuit keeps it vibrating. If it is 
necessary to change the frequency of the oscillations the crystal has 
to be unplugged from the circuit and replaced by another crystal 
having the required fundamental frequency. 

The circuit generally used when crystal control is employed is 
known as the tuned-anode tuned-grid circuit (TATG for short). A TATG 
circuit diagram is illustrated on page 524 and it will be seen from this 
diagram that no direct link exists between the grid circuit and the 
anode circuit. The energy needed to compensate for heat losses in the 
grid circuit and hence to keep the oscillations going is fed back from 
the anode circuit via the valve itself. This is possible with a triode valve 
because the grid (negatively charged) is close to the anode (positively 
charged) and these two oppositely charged electrodes act just like the 
plates of a capacitor. High frequency oscillations pass with ease 
through a capacitor and therefore they can leak back from anode to 
grid. In fact it is to prevent such a leak of energy that a pentode (five- 
electrode) valve is normally used in high frequency amplifiers. If the 
tuned-grid circuit of a TATG oscillator is replaced by a quartz 
crystal the result is the Pierce-Miller circuit illustrated above. 

Crystal controlled oscillators, as well as eliminating the frequency 
defects of a capacitor-and-coil circuit, are not seriously affected by 
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the second shortcoming of simple oscillators — the frequency variation 
caused by changes in the load. Electron-coupled oscillators overcome this 
second defect in a different manner. Electron-coupling can be applied 
to virtually any oscillator circuit. It consists of putting a pentode 
valve in place of the triode. The pentode has a cathode, control grid 
and anode like those of a triode, but it has additionally a screen grid 
and a suppressor grid between the control grid and the anode. In an 
electron coupled oscillator (ECO for short) the pentode is used in 
such a way that the cathode, control grid and screen grid correspond 
to the cathode, control grid and anode of a triode valve. This ‘internal 
triode’ is wired up as a normal triode oscillator and in consequence 
the flow of electrons to the anode is made to vary in an oscillatory 
manner. Because there is no direct linkage between the grid circuit 
and the anode circuit any alteration made to the output circuit is not 
reflected in the grid circuit. 

The Pierce-Colpitts circuit illustrated below employs both a pentode 
with electron-coupling as well as crystal control. This makes doubly 
sure that the frequency of the resulting oscillations is stable and does 
not drift above or below its fixed value. The only factor which could 
cause the frequency to vary is a change of temperature. Like every- 
thing else quartz expands on heating and a change in size of a quartz 
crystal will alter its fundamental frequency of vibration. To prevent 
this happening in a powerful transmitter the crystal is placed in a 
constant temperature enclosure controlled by a thermostat. 
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A crystal controlled Pierce-Colpitts oscillator employing a pentode valve and 
electron-coupling. 
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Many of Freud’s dream interpretations 
involve relationships with members of the 
opposite sex or ideas about birth. Some of 
what Freud called ‘typical dreams’ are 
illustrated here. His interpretation of a 
‘falling’ dream is that a person is starved 


IGMUND FREUD (pronounced 
Froyd) was born in Moravia (now 

part of Czechoslovakia) in 1856. 
When he was still a young child his 
family moved to Vienna where Freud 
spent most of his life. In 1873 he 
entered the University there and 
began to study medicine. He became 
very interested in physiological work, 
especially with the nervous system, 
and after qualifying in 1881 he began 
research on these lines. Financial 
problems however prevented him 
from pursuing his research and he set 
himself up as a specialist in nervous 
diseases. While working in this field 
he studied especially the physical 
effects of nervous and mental dis- 
orders. For example he differentiated 
between various forms of paralysis 
caused by upsets of the nervous 
system. He also wrote an important 
book on the subject. 

In 1885 Freud went to Paris to 
work with Charcot — a famous French 
doctor specialising in nervous and 
mental diseases. Previously, a Vien- 
nese colleague had told Freud how a 
patient had been relieved of depres- 
sion by talking about unpleasant 
memories while under hypnosis. 
Freud found this fascinating but was 
unable to interest Charcot in this 


of affection and, unconsciously remembering how a child is fussed after a fall, dreams of falling to gain some show of affection. Freud 
believed that dreams of water (including bed-wetting) were to do with fire or with pre-natal experiences (1.¢. in a watery environment). 
Dreaming of death is frequent and was explained by Freud as frequently due to a past wish to be rid of the people concerned. He saw 
the dream about winged children as a past wish of a child to be rid of bullying brothers and sisters. Death, to a child, ts often thought 
of as going up to heaven as an angel. Dreams of talking to high officials, Freud regarded as meaning a break-away from parental rule 
(1.e. setting up in opposition to one’s father). For a full interpretation Freud believed it necessary to have the complete history of the 
patient and the patients’ own ideas on the dream. 


AND HIS THEORIES 


subject. When he returned to Vienna 
Freud experimented with hypnosis to 
draw out subconcious thoughts. He 
later found he could dispense with 
hypnosis and encouraged the patients 
to relax and talk freely about their 
experiences from as far back as they 
could remember. This is known as the 
method of ‘free-assoctation’ which is an 
important part of modern psycho- 
analysis. By getting patients to talk 
freely in this way Freud was fre- 
quently able to track down the cause 
of mental and nervous disorders. 
The patient was often relieved of the 
symptoms, merely by unearthing the 
unpleasant memories. To take an 
imaginary example let us suppose 
that as a young child a girl had hit 
her baby brother. Later her hand 
may develop a paralysis for no 
obvious reason. The shame of hitting 
the baby, although hidden in the 
sub-consciousness is expressed as a 
form of paralysis which may dis- 
appear when the reason for it is 
brought to light. 

Freud realised that although these 
memories and thoughts were not 
forgotten, they were not consciously 
remembered. He called these sup- 
pressed thoughts and memories, 


represstons. He had shown the import- 
ance of the unconscious mind. Although 
this was not at first accepted by the 
medical profession it was Freud’s 
most important contribution to the 
study of mental disorders. 

His ‘free-association’ method gave 
Freud the means to study the working 
of the unconscious mind and he was 
able to explain many actions of 
healthy people as well as those of 
people with mental upsets. The treat- 
ment of the mentally sick now in- 
corporates a number of Freudian 
ideas. They are now encouraged, for 
example, to talk and to paint. Any 
creative activity may allow the ex- 
pression of some hidden fear or 
thought which may give a clue to the 
cause of the patient’s trouble. 

Freud was especially interested in 
the effect of childhood experiences on 
later life. He learned that many 
childhood impressions, especially 
when associated with emotions such 
as hatred, love and fear, may produce 
an unbalanced mind. This may lead 
to bad behaviour for which, in the 
past, people were merely subjected to 
physical punishment. The emphasis 
nowadays is on education and psycho- 
logical treatment of offenders to 


correct their ways and fit them for a 
normal life. 

Freud was extremely interested in 
dreams. He believed that a dream 
may represent a repressed wish or fear 
t.e. one which is actively kept out 
of the conciousness but which ‘comes 
to the surface’ during sleep as a 
dream. 

Freud argued that the repressed 
wishes and fears attached themselves 
to recent experiences or sensations 
(e.g. worries) and modified these ex- 
periences so that they (the repressed 
wishes) are disguised as more natural 
happenings. Disguised in this way the 
repressed thoughts do not disturb 
sleep, thus a dream can be regarded 
as a means of maintaining sleep. 
Analysis of dreams is therefore an- 
other way of penetrating the un- 
consciousness of a patient and Freud 
and his followers frequently used this 
method when treating patients. 

During his life-time Freud gathered 
followers and gradually (after a period 
of strong opposition) some of his 
theories gained acceptance. 

Because he was a Jew, Freud ran 
the risk of persecution by the Germans 
and in 1938 he escaped to England, 
where he died a year later. 
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HE Bourdon pressure gauge is 
usually found where compressed 
air or other compressed gases are 
being used. It is a robust instrument 
designed to measure gas pressure 
(occasionally it is used to measure the 
pressure of liquids). Some gauges for 
testing the pressure of the air in motor 
car tyres are also of this type. 
From the outside it looks rather like 
a clock face with a dial which has 
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numbers round the edge and a 
pointer in the middle. The pointer 
indicates the pressure in pounds per 
square inch. Other units can be used 
but this is by far the most common. 

A pipeline of pressure tubing (fre- 
quently made of copper) connects the 
gauge to the supply of the gas whose 
pressure is to be measured. Inside the 
gauge the gas enters a piece of curved 
metal piping which may be semi- 
circular or alternatively a spiral coil 
of pipe. This flexible pipe is elliptical 
(egg-shaped) in cross section. At the 
far end the pipe is sealed off so that 
gas can fill the pipe but cannot 
actually flow through it. The sealed 
end of the pipe is free to move but 
the part where the gas enters is 
clamped down so that it cannot move. 

High pressures cause the pipe to 
straighten out slightly. When the 
pressure is lowered it curls up again. 
The flexible pipe behaves just like 
the children’s toy consisting of a paper 
spiral which uncurls when it is blown 
into and afterwards curls up again. A 
set of gears and levers translate the 
movement of the free end of the pipe 
into the movement of a pointer so 


Bourdon gauges being used to find the 


pressure of oil in the pipelines. 


that it turns, indicating the pressure 
on a dial. 

Each gauge is designed to work 
over a certain range of pressure. 
Bronze pipes are used for low pres- 
sures because they straighten out 
easily. But the gauge is ruined if the 
pipe straightens out so much that it 
cannot return to its original shape. 
For this reason, the bronze type of 
gauge cannot be used for pressures 
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(left) Diagram of the gauge above. As 
the pressure increases the tube straightens 
and the levers and gears make the pointer 
move. 

(right) Alternative arrangement using a 
spiral tube. 


above 3,000 pounds per square inch. 
Steel is used for pressures of up to 
10,000 pounds per square inch and 
for very high pressures of up to 
80,000 pounds per square inch, stain- 
less steel is used. 

Corrosive substances are prevented 
from entering the gauge by placing an 
oil or water trap in the pipe leading to 
the gas container. 

For safety, the front of the gauge is 
made very strong and the back is 
weaker. If the instrument cannot 
stand the pressure the back blows out 
rather than the front, thus preventing 
injury to the person reading the 


gauge. 


I 


The North American X-15 about to be launched from its mother plane at a height of some 46,000 feet. Ammonia (carried as a liquid) 


is the fuel for this rocket, with liquid oxygen as the oxidizing agent. 


Rocket Fuels 


IRCRAFT which operate well within the blanket 

of air surrounding the Earth make considerable 
use of the air. Oxygen is required for burning the fuel, 
and the air itself provides some buoyancy, thereby 
assisting in keeping the plane in flight. In addition, the 
presence of air at reasonable pressures is an absolute 
necessity for propeller-driven aircraft, since their forward 
motion is achieved by angled blades cutting into the air. 

Since there are so few molecules of gas in each unit of 
volume above the Earth’s atmosphere, conventional 
methods of propulsion are no longer feasible. As there is 
virtually no oxygen out in space, all space vehicles must 
carry their own supply of oxygen, either as the element 
itself in liquid form or in an oxygen-containing compound. 

Various fuels and sources of oxygen have been de- 
veloped for powering rockets and other space vehicles, but 
the fundamental principle behind the propulsion of all 
of them is the same. They all rely upon Newton’s Third 
Law of Motion, namely that ‘every action has an equal and 
opposite reaction’. 

When the fuel (either solid or liquid) is burned, large 
quantities of hot gases are created. Since these are 
confined in a very small space great pressures are set up 
in the combustion chamber. The exhaust gases leaving 
from the back of the rocket provide the thrust needed to 
propel it forward. 

Liquid propellants appear to be favoured by the 
Americans. Amongst the combinations which they have 
used successfully are liquid hydrogen and liquid oxygen 
which yield steam when they combine. Liquid oxygen has 
also been used as the oxidizing agent in rockets which carry 
kerosene or liquid ammonia as fuel. When kerosene burns 
steam and carbon dioxide are set free. As hydrogen 
peroxide will, under suitable conditions, decompose to 


yield oxygen and steam it has been used as the source of 
oxygen as an alternative to liquid oxygen in kerosene- 
burning rockets. In other rockets dimethyl-hydrazine is 
oxidized by the action of nitric acid. 

Whereas the fuel and the oxidizing agent for rockets 
using liquid propellants are kept in separate tanks, it is 
necessary for all the components of a solid propellant to 


NITROGEN => 


Section through the engine of the British Super Sprite rocket. The 
high-pressure mtrogen is used to push hydrogen peroxide and 
kerosene from the respective storage tanks into the combustion 
chamber. Oxygen 1s released from the hydrogen peroxide as it ts 
passed over the catalyst. 

be thoroughly mixed before the solid fuel cakes are 
compacted. The typical ingredients of such a cake are 
aluminium perchlorate (oxidizing agent), polybutadiene 
acrylic acid and aluminium powder (the fuel) and a 
curing agent which serves to harden the cake after it has 
been cast in a mould. 

The proportion of oxidizing agent to fuel will, in general, 
be arranged so that there is a slight excess of the oxidizing 
agent. There are two reasons for this. If there is only 
sufficient oxidizing agent for complete combustion there 
is a serious risk of explosion, but in any event the increase 
in pressure of the surplus oxidizing agent brought about 
by the heat from burning the fuel adds to the overall 
increase in pressure in the rocket’s engine. 
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RESPIRATION 


(GROWTH and movement, in fact 

all living processes, require energy. 
This is obtained by oxidation of food 
materials within the body tissues. In 
all animals and in the majority of 
plants the process depends on free 
oxygen absorbed from the surround- 
ings. The absorption of oxygen, its 
transport to the tissues, and the 
oxidation reactions are all classed as 
respiratory activities, but the term 
‘respiration’ is normally confined to 
the chemical reactions within the cells. 

Protozoans get sufficient oxygen by 
simple diffusion from the surround- 
ings. Coelenterates are also able to 
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Part of the tracheal system of an insect. 
The finer branches lead directly to the 
tassues. 


maintain their rather sluggish activity 
without special respiratory organs. 
Earthworms absorb their oxygen re- 
quirements through the skin which is 
very well supplied with blood vessels. 
This arrangement is possible only in 
damp surroundings. In dry air, water 
would very rapidly be lost through 
the skin. All larger or more active 
animals have special respiratory or- 
gans to absorb oxygen. Animals living 
in water usually have gills to absorb 
oxygen from the water. Land verte- 
brates usually breathe (i.e. take in air) 
by means of lungs. Insects and some 
other arthropods have a network of 
tubes (tracheae) throughout the body. 
These conduct air from the surroun- 
dings to every part of the body. 
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The essential features of respiratory 
organs are: a large moist surface area, 
very thin walls, and a good blood 
supply. The gills of fishes and of 
crustaceans consist of very thin plates 
of tissue over which water is caused 
to pass by various movements of the 
animal. Oxygen, dissolved in the 
water, passes into the blood stream 
and is transported to the tissues. 
Because a stream of water flows over 
the gills there is always a fresh source 
of oxygen next to the gill. Lungs are 
internal chambers with no continuous 
air-flow. They have to be filled and 
emptied by breathing movements. 
The lungs open to the outside by way 
of the broncht and the trachea (wind- 
pipe). Each lung is made up of 
thousands of tiny air-sacs (alveolt) 
which link together and lead to the 
bronchi. The alveoli are lined with 
a thin layer of mucus and on the out- 
side are covered with a network of 
fine blood capillaries. When air is 
breathed out, the lung is not com- 
pletely emptied. A good deal of 
residual air remains in the alveoli. 
Oxygen from fresh air breathed in has 
to diffuse through this residual air and 
through the mucus before reaching 
the thin wall of the alveolus. To over- 
come this disadvantage the total 
surface is very large—much larger 
than the corresponding gill surface. 
would need to be. Birds have a special 


Blood pigments 


There are a number of blood pigments 
of which the best known is haemoglobin— 
the reddish purple pigment of vertebrate 
blood and of some invertebrates (e.g. 
earthworms). This is a complex iron-con- 
taining compound which occurs in the cor- 
puscles of vertebrate blood or in the plasma 
in other animals. At high oxygen concen- 
trations (e.g. at the respiratory surface) the 
pigment combines with oxygen and forms 
oxyhaemoglobin which is bright red. In 
the body tissues the oxygen concentration 
is low. The oxyhaemoglobin in the blood 
breaks down and releases oxygen which 
passes to the tissues. If the haemoglobin 
content is reduced, oxygen shortage will 
occur. For example, carbon monoxide 
forms a stable compound—carboxyhaemo- 
globin—with the pigment which cannot 
then carry oxygen. Other pigments occur 
in some animals. Haemocyanin, in which the 
metallic element is copper, is found in 
crustaceans and molluscs such as octopuses 
and squids. It turns blue when oxygenated. 
All respiratory pigments have in common 
the fact that they form unstable compounds 
with oxygen which break down at the low 
oxygen concentration found in the tissues. 


arrangement to be described later. 
Absorption of oxygen into the blood 
follows the same pattern in lungs and 
in gills. In both cases the oxygen is in 
solution when it reaches the respiratory 
surface. The blood arriving here is low 
in oxygen content and thus the oxygen 
outside passes in solution through the 
thin walls and into the blood which 
transports it to the tissues. Only a 
very small amount of the oxygen is 
carried as a simple solution in the 
blood. Most of it combines with a 
respiratory pigment in the blood. The 
compound formed is unstable and 


The lungs of man, situated inside the rib 
cage, communicate with the exterior by way 
of the bronchi and trachea. 


later releases oxygen in the capillaries 
of the body. In the body the tissues 
are low in oxygen content so that 
the oxygen released passes through 
the fine capillary walls and into the 
cells where the chemical reactions 
take place. These reactions are very 
complicated and involve numerous 
enzymes and intermediate stages. The 
net result, however, can be shown as: 

food + oxygen=carbon dioxide +water-+ energy 

This equation holds good for both 
plants and animals. Glucose is a 
commonly used food material. Its 
oxidation can be shown chemically 
as follows: 


C,H,,O, + 60, = 6CO, + 6H,O+ energy 
(glucose) (oxygen)(carbon dioxide) (water) 


Most of the carbon dioxide released is 
removed by the blood stream. Some is 
carried in solution and some in com- 
bination with blood proteins, but by 
far the largest amount is carried in 
the form of bicarbonate ions. In the 
blood capillaries of the tissues carbon 
dioxide and water combine to form 
carbonic acid: 
CO, + H,O+H,CO, 

This then breaks down into ions: 

H,CO,+H+ + HCO,-. 
At the respiratory surface the blood 
becomes more acid (due to the for- 
mation of oxyhaemoglobin) and the 
bicarbonates are broken down, 
releasing carbon dioxide which passes 
through the respiratory surface and 
out to the surroundings. 
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The red blood corpuscles are disc-shaped in man. In the lung capillaries the corpuscles 
accept oxygen and become bright red. Upon releasing the oxygen in the tissues (right) 


the corpuscles revert to the duller colour of haemoglobin. 
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;— Pumps 


HE lift pump has been used since before the 4th 
century B.c. for pumping water. Present-day pumps 
are similar in principle, but now motor-driven machinery 
has largely taken over the older method of hand pumping. 
The old ‘village pumps’ are of this type. Although the 
main use of the lift pump is in pumping water, it can 
be used for pumping any liquid such as petrol from the 
underground storage tanks and beer from the cellars. 
There is a limited depth from which a lift pump can 
raise water. This is because the pipe leading from the 
water supply into the pump is kept full of water by the 
pressure of the atmosphere pushing on the underground 
water surface. Atmospheric pressure is capable of holding 
in position a column of water about 34 feet high. It is 
not capable of supporting the larger pressure of a higher 
column of water. Consequently if any attempt is made to 
pump water from a greater depth the pump will not work. 
There will be a vacuum above the 34-foot-high column of 
water and so the water will never actually reach the pump. 
Unfortunately these pumps are not perfect in practice. 
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First downstroke of piston causes the increased air pressure in the cylinder to 
force open valve B in the piston. It closes valve A. As the piston moves down, 
air escapes from the cylinder through valve B and out via the hole in the piston. 
First upstroke of piston causes the pressure in the cylinder to fall. The higher 
pressure acting on valve B from the outside closes it. Valve A opens as the 
pressure of the atmosphere, pushing on the water surface down below, forces 
the water past the open valve B. 


Their valves are not completely airtight. Because of this, 
the greatest height of water they will lift is 28 feet on 
average, not the theoretical 34. 

The pump works in stages by lifting the water a little at 
a time so that as some is pouring out of the pump spout 
more is rising up the pipe from the source. The pump has 
two valves. These are ‘doors’ that allow the water to pass 
in one direction only and prevent its passage in the other. 
When one valve is open, the other is closed. One valve is 
situated at the entrance to the cylinder. The other is 


Lift pump being used to pump beer from the cellars. The vertical 
distance between the barrels and the piston is less than 28 feet. 
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within the piston itself. The piston fits tightly with the 
cylinder walls so that the only way the water can get past 
the piston is by way of the valve B. 

As the piston is pulled up, air pressure forces water past 
valve A into the cylinder. The water above the piston is 
lifted so that it can pour out of the spout. As the piston 
moves down, valve A closes to prevent the water from re- 
turning and valve B opens, allowing the water to rise above 
the piston. This is more fully explained in the diagrams. 

The force pump has the advantage over the lift pump 
in that it can lift water from any depth. Like the lift pump, 
though, the water is first lifted into the cylinder by the 
pressure of the air acting on the surface of the underground 
water supply. For this reason the pump itself must be 
underground and within 28 feet of the water surface. A 
pipe leads out from the pump to deliver the water to the 


top. The water is forced out through this pipe. .. 


The pump handle or a motor pushes the piston up and 
down inside the cylinder. This piston does not have a 
valve in it. Valve X controls the opening to the cylinder 
and valve Y the exit. When one valve is open, the other 
valve is closed. 

On any upstroke of the piston, because of the increased 
volume of the cylinder, there is a tendency for the pressure 
to drop. Air pressure lifts more water to fill the extra 
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space and level up the pressures. On any piston down- 
stroke there is a tendency for the water to be compressed 
and the pressure increased. The inlet valve X closes and 
the exit valve Y opens. Water is forced through this exit 
valve to the spout of the pump. 

This kind of arrangement gives jerky gushes of water on 
the downstroke of the piston (upstroke of the pump 
handle). ‘To obtain a smoothly running supply of water a 
narrow-necked reservoir is often placed as an off-shoot to 
the exit tube. On the piston downstroke, the water forced 
up the exit tube compresses some air in the reservoir. On 
the upstroke this air expands, pushing out more water. 
Such a reservoir is used where a continuous flow of water 
is needed. 
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—— 


First upstroke of piston. As the piston moves 
up, the pressure inside the cylinder de- 
creases. Atmospheric pressure, acting on 
the underground water surface, pushes water 
up the pipe past valve X, which it pushes 
open as it enters the cylinder. The higher 
outside pressure acting on valve Y closes it. 
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First downstroke of piston. The water space 
in the cylinder becomes smaller, increasing 
the water pressure. This closes valve X 
and forces open valve Y. The water is forced 
out into the pipe leading off from valve Y. 
In doing so, some air is trapped in the nar- 
row-necked reservoir. This air becomes com- 
pressed by the pressure of the water acting 
onit: SECOND 


Second upstroke of piston. More water is 
lifted by the atmospheric pressure P into 
the enlarged cylinder space. Valve Y is 
closed to prevent any water from returning. 
The compression of the air in the reservoir 
was only temporary. Its present expansion 


causes a steady stream of water to come from 
the exit spout. IS COMPRESSED 


SECOND 


DOWNSTROKE 
OF PISTON 


Second downstroke of piston. The cylinder 
space becomes smaller and the increased 
water pressure in it closes valve X and 
opens valve Y. Water is forced out of the 
exit spout. At the same time more air is 
compressed in the reservoir. 


Pe 


force pump. The 
pump itself is under- 
round to be within 
58 feet of the water. 
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Capacitors 
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Each nucleus has a particular place in the metal—in the diagrams 
symbolised by a cup. It can roll around the bottom of the cup, 
but a tremendously large force would be needed to move the heavy 
particle from one cup to another. Electrons are loosely bound to 
the nuclei. 


In a completed electrical circuit—a wire connected across the 
terminals of an ordinary -battery—electrons can flow round the 
whole circuit, through the battery, where they are given energy 
to send them round again. 
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When there is a gap in the wire, electron movement stops. A field 
is set up between the positive charges on one side and the negative 
charges on the other. The amount of positive charge is equal to 
the amount of negative charge. The field holds the charges in place. 
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The wire can hold a far greater charge if its area of cross-section 
is increased. Although there are a lot more electrons clustered 
together on the negative side, they will be spread over a larger area. 
The capacity increases. 
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LL matter contains positively and negatively charged 

particles. The positive particles, situated in the cores 
(nuclei) of atoms, are relatively heavy and, in solids, 
difficult to move. However, the negative charges, or 
electrons, are far smaller and easier to move. In a con- 
ducting metal, such as copper, they are very loosely bound 
to the nuclei, and can be made to drift through the metal 
if acted on by an electrical pressure, or voltage. 

What happens if the copper wire is then cut? Electrons 
cannot pile up indefinitely on one side of the gap. They 
can congregate until the repulsive forces between them 
(like electric charges repel) are equal to the force provided 
by the battery. Then the movement stops. One side of 
the gap has become negatively charged—an excess of 
electrons, and other side positively charged—a lack of 
electrons. The field between the two sides (unlike charges, 
so an attractive field) holds the electric charges in 
place. 

The battery can hold only a few electrons, make a small 
electric field in the gap and hold a small amount of charge 
if the wire is thin. Electrons huddled together in the 
same end of the wire repel each other very strongly 
because they are so close together. The wire can hold a 
far greater charge if its area of cross-section is increased, 
because the electrons are spread out over a larger area, 
and the repulsive forces tending to push them away from 
the gap will be less. When the two ends of the wire are 
pulled a greater distance apart, the field is reduced, and 
the charge held decreases. 

Thus two pieces of conducting material, facing each 
other, have a certain capacity for holding electric charge. 
The two metal surfaces are called plates and their capacity 
is increased by increasing their area, and decreased by 
pulling them farther apart. The device is called, for 
obvious reasons, a capacitor, or alternatively a condenser, 
because it condenses (assembles) together electric charges. 


THE ELECTRIC FIELD BETWEEN 
THE PLATES IS REDUCED BY 
PULLING THEM FARTHER APART 


The attractive field between the positive and negative sides holds 
the charges in place. If the distance between sides (or plates) is 
increased, one side will influence the other less. Less charge can 
be held in place—the capacity decreases. 
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Robert 


and the charge 


HE name of Robert Andrews 

Millikan will always be linked 
with the study of electrons, the tiny 
particles, negatively charged with 
electricity, which sweep round the 
nucleus of every atom. From 1910 
onwards he carried out a series of 
ingenious experiments in which he 
sought to measure the charge on an 
electron and to confirm that this is 
the ‘smallest possible’ charge. 

Previously the ratio of the charge 


on an electron to its mass (<) had 
been determined by Sir J. J. Thom- 
son, and the charge on the hydrogen 


ion (an atom of hydrogen which has 
lost its single electron) had been 
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A simple diagram of the apparatus used 
by Millikan in his oil-drop experiments. 


deduced from electrolysis experiments. 
Millikan succeeded in proving that, 
as might be expected, the negative 
charge on the electron is equal in size 
to the positive charge on the hydrogen 
ion. 

Millikan’s experiment consisted of 
injecting droplets of oil from a kind 
of scent spray into the space between 
two parallel horizontal metal plates. 
The plates were connected to the 
terminals of a high-voltage electrical 
supply so that one was positively 
charged and the other negatively 
charged. The droplets were brightly 
illuminated (through a. filter which 
cut out heat rays which might 
otherwise set up convection currents) 
and observed through a horizontal 
microscope. While passing through 


Millikan 


on the Electron 


the jet of the spray most of the drop- 
lets had become electrically charged 
by friction. In other words each 
droplet had either gained or lost a few 
electrons. Droplets which had failed to 
do this could be charged by aiming 
a beam of X-rays at them. 

Because a droplet was charged it 
would be attracted either upwards or 
downwards to the plate of opposite 
charge. Suppose it was attracted up- 
wards. The force of attraction was 
adjusted very carefully by varying the 
voltage of the electrical supply until 
it exactly balanced the weight of the 
droplet. In this case the droplet, 
observed through the microscope, 
hung poised in mid-air. The force of 
attraction depends upon the distance 
between the plates, the voltage of the 
electrical supply (both of which are 
easily measured) and the charge on 
the droplet. Thus for a stationary drop- 
let the charge could be calculated if 
the mass were known. 

Finding the mass of a single droplet 
was the most difficult part of the 
experiment. The mass of any object is 
equal to the product of its volume and 
density. Millikan could find the den- 
sity of the particular oil used in a 
number of ways and he could assume 
that his droplets were perfectly 
spherical. The volume of a sphere is 


given by the formula gar, where r 


is the radius. Hence it was necessary 
to measure the radius of a droplet to 
determine its mass. The eyepiece of 
the microscope was equipped with a 
scale, but this was not really accurate 
enough for measuring the tiny radius 
of a droplet. So Millikan had to find 
the radius by a roundabout method. 
He switched off the electrical supply 
so that the droplet fell under gravity. 
With the aid of a stop-watch he 
measured the steady speed at which it 
moved across his field of view. It 
moved with a steady speed because 
its weight was balanced by the re- 
sistance of the air through which it 
was falling. There is a very simple 


formula which connects the retarding 
force (air resistance) acting on a 
steadily moving sphere with its radius, 
and this gave Millikan the radius of 
the droplet he was investigating. At 
last Millikan had all the information 
he required to measure the charge 
on one oil droplet. He then repeated 
the experiment several hundred times 
and obtained a large number of dif- 
ferent results. This did not mean that 
the experiment had gone wrong. It 
was merely that different droplets 
gained or lost different numbers of 
electrons. All the results were shown 
to be simple multiples (between 5 and 
20 times) of one basic charge. This 
basic charge was the highest common 
factor of hundreds of results. No 
smaller charge was found in Milli- 
kan’s experiments or any subsequent 
experiments. It is in fact the charge 
carried by a single electron. Every 
electron carries just this amount of 
charge, no more and no less. Millikan 
had measured with considerable 
accuracy one of the fundamental 
constants of the Universe. 

Robert Millikan was an American, 
born in Illinois in 1868. After study- 
ing at Oberlin College, Columbia 
University and at Berlin and Gottin- 
gen, he became Professor of Physics at 
the University of Chicago. In recogni- 
tion of his work on the electron, 
Millikan was awarded the Nobel 
Prize for Physics in 1923. An inspired 
teacher and writer on the wider aims 
of science, Robert Millikan died in 


1953. 
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APPLIED SCIENCE 


Manufacture of PAPER 


Y far the greatest amount of paper 

is made from soft-wood timber, 
much of it grown in Canada and 
Scandinavia. In theory at least the 
process is quite simple. It consists of 
breaking down the wood, adding water 
to form a porridge-like pulp, and then 
passing the diluted pulp over a wire 
belt and drying cylinders to form a 
continuous sheet. In fact, of course, 
the manufacture of paper is an ex- 
tremely complicated affair and the 
multitude of different paper products 
makes it difficult to describe any one 
as typical. The range of paper mat- 
erials is tremendous: newsprint, ab- 
sorbent tissue paper, hardboard, 
packaging materials, acoustic tiles, 
insulation board, paper towelling— 
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anically or by chemical means. In the 
first case the operation is carried out by 
pressing the logs against a large grind- 
stone. Water is sprayed over the logs 
and helps to keep the grindstone cool 
as well as providing the liquid content 
of the porridge-like pulp. Chemically 
made pulp is rather more expensive, 
but has the advantage of producing 
stronger paper, since the fibres are 
not damaged to the same extent. 
The main point of producing pulp 
by chemical means is to dissolve the 
substances which bind together the 
cellulose fibres in the wood. First the 
timber is chopped mechanically into 
small pieces and then placed in a 
boiler (digester) which is then sealed. 
The process may be compared to 


View of the ‘wet end’ of a paper-making machine. The pulp from the beaters, containing a 
high proportion of water, 1s allowed to flow over a fine-mesh steve (the wire) which moves 
along, allowing the water to drain. 


even fibre pipes for drainage—all 
these come within the province of the 
paper manufacturer. 

There are, however, certain fea- 
tures which are common to the mak- 
ing of many types of paper (including 
that on which this magazine, for 
example, is printed). The first stages 
of the process involve the making of 
the pulp from timber (e.g. spruce, fir 
and pine). The wood from the forest 
is taken to the pulp mill in log form. 
First the bark is removed, then the 
wood is reduced to pulp, either mech- 
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cooking, although it is carried on in 
high-pressure steam. Various chemical 
substances are used in this ‘cooking’ 
process. Raw materials other than 
wood, for example straw, linen, es- 
parto grass and cotton, are also treated 
by digestion processes. The charac- 
teristics of pulp produced by these 
methods vary with the length of the 
digestion (from 6 to 24 hours), the 
temperatures, and the types of wood 
and chemical substance used. 

Where the pulp mill is attached to 
the paper mill the pulp can be used 


directly to make paper. Often, how- 
ever, the paper is made a long distance 
from the pulp mill and the pulp must 
be dried and pressed into sheet form 
for transportation. In this case, on 
arrival at the paper mill the bales of 
sheet pulp are returned to the ‘por- 
ridge’ state in a hydropulper, a machine 
which breaks up the sheet pulp and 
mixes it with water. 
Paper Beating 

The next stage of the paper manu- 
facturing process takes place in the 
beater, and is critical from the point of 
view of the control of quality and 
type of product. The selection of 
types of pulp is an important factor, 
and sometimes different pulps may be 
blended. A beater is a machine which 
breaks up the fibres in the pulp to 
the required length and frays them. 
The pulp, suspended in a large 
amount of water, is forced between a 
fixed bed of knives and the bars of a 
revolving roller. The amount and type 
of beating affects to a great extent the 
type of paper. Blotting paper, for 
instance, has fibres which are short 
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small chips are passed into a digester, a 
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and only lightly bonded together. 
Greaseproof paper, on the other hand, 
has fibres which have been beaten and 
greatly frayed out so that they become 
closely bonded together to form a 
dense paper. Newsprint requires little 
in the way of beating, and is usually 
made from ground wood pulp. 
The Paper Machine 

From the beaters the pulp passes to 
the paper-making machine proper. 
Different machines produce different 
papers, but the broad principle is the 
same. The paper machine may be 
divided into three main parts: the 
‘wet end’, the presses, and the drying 
section. At the ‘wet end’ of the 
machine the pulp, containing 99% 
water, flows from a feed box over a 
broad, fine mesh, moving sieve (called 
the ‘wire’). Here the water drains 
away (helped by suction from below), 
leaving a soft layer of fibres. The 
layer of fibres, or paper as it has now 
become, travels on the wire until it 
passes onto another belt, this time of 
felt. It then passes to the presses, 
rollers which squeeze it flat and firm, 


2 The paper-making machine. Pulp fed in at the ‘wet end’ is passed onto a 
moving sieve, where most of the water is removed. After passing through 
(rollers) the paper reaches the drying section where it is 
heated and further pressed to remove the remaining water. 


at the same time removing further 
water by suction. From the presses to 
the dryers, the paper, by now com- 
posed of only twice as much water as 
pulp, is fed (held by felt) against a 
series of steam-heated rollers, perhaps 
fifty of them altogether. By the time 
it emerges, the paper contains only 
about 5°% water. 

Finally the paper-making machine 
calenders the paper, providing it with 
a smooth surface and making the 
paper more compact. This is achieved 
by passing it through very heavy 
heated rollers. When this is done the 
vast, almost endless length of paper 
continuously issuing from the machine 
is wound onto large reels, some of 
which may contain as much as 12 
miles of paper. Later these are re- 
wound and cut to the exact sizes 
required by the customer. In some 
cases the paper is cut into small sheets 
and made up into packages or reams. 

One point which it is difficult to 
appreciate is the great speeds at 
which paper is made on some of the 
bigger machines. Newsprint, for ex- 


A critical stage in paper-making where the 
paper fibres from the wire move across the 
gap between the press rolls and the dryers. 


Paper emerging from a vast newsprint ma- 
chine. The paper ts wound onto reels which 
may contain up to 12 miles of paper. 
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ample, issues from the modern paper 
machine at speeds well in excess of 
two thousand feet each minute. The 
need for controlled quality makes 
accurate adjustment of all parts of the 
continuous machine absolutely vital. 


Some variations on the basic 
paper-making processes 


Super-calendered papers—These are 
papers whose surface is made super 
smooth, making it more suitable for 
printing. After being dampened, the 
paper from the machine is passed through 
very heavy, stainless steel, heated rollers. 


Coated papers—High-quality glossy art 
papers are finished by coating them with 
a substance such as kaolin chine clay), 
either on or off the paper-making 
machine. After being coated the paper is 
partly dried by hot air and then passed 
through heated rollers. 


Sized papers—Banknote paper, ledger 
papers, etc., may be treated with size 
(either included in the pulp or added 
later) which enables them to take 
writing and printing ink better. 


Absorbent tissue—Soft, absorbent papers 
are made from high-quality pulp by a 
similar process to that described in the 
main article except that they are‘scraped 
off’ the drying cylinders with a knife 
edge, producing a ruffled, créped finish. 
The whole process is very rapid, taking 
only about ten seconds from the pulp 
being fed to the machine to the emer- 
gence of the paper. Soft tissue is used for 
paper handkerchiefs, toilet paper, and so 
on. Usually the final product consists 
of two or more layers of paper. 


Watermarks 


While the paper is still at the ‘wet 
end’ of the machine, passing along the 
fine wire mesh, a watermark can be 
added. A light, hollow cylinder, called a 
‘dandy-roll’, gently touches the wet 
paper, and transfers to it an embossed 
pattern of the required mark. The fibres 
are slightly displaced when the pattern 
touches them, and this pattern in the 
sheet remains as a translucent water- 
mark. It can easily be seen by holding 
the paper up to the light. 
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Some types of paper are 
super-calendered to give 
them a better surface for 
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and creeping glaciers—these are the 
mightiest examples of the forces which 
wear away the land. Moving water 
and ice and wind are the tools of 
erosion; they eat away the land and 
transport the debris away. But there 
are other, more insidious processes 
at work which ‘soften up’ the crustal 
rocks, causing them to rot and dis- 
integrate. These are collectively 
termed weathering. Their action is to 
break down relentlessly the solid rock 
of the Earth’s crust and prepare a 
mantle of rock waste which can easily 
be removed by the tools of erosion. 
The soil itself is the best example of 
weathering. Basically, this is just 
broken-down rock which is waiting 
to be transported away. 

There are two types of weathering, 
mechanical and chemical. Water and 
ice play an important role in mechani- 
cal weathering, and although it is 
difficult to make a clear distinction 
they are only classed as tools of 
erosion when in motion. Frost shatter- 
ing is a process most conspicuous on 
exposed mountain slopes in temperate 
or.. cold climatic regions where it 
results in the formation of screes 
composed of angular fragments of 
rock of different sizes. When water 
turns to ice its volume increases by 
almost 9% and the force behind the 
expansion is tremendous, amounting 
to 2,000 pounds per square inch. 
Thus, water seeping into cracks in 
rocks and freezing tends to split the 
rocks apart. 

Weathering in arid latitudes is 
largely due to the great range of day 
and night temperatures. Intensely 


This split boulder shows the power behind 
a growing plant. 


Drastic changes in temperature may split 
pebbles cleanly in two. 


WATER SEEPS INTO 
A CRACK IN A 
ROCK 
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UPON FREEZING 
IT EXPANDS 


VEATHERING 


heated during the day, the outer 
layers of a rock tend to pull away 
from the central mass, while during 
the cold night the rock loses its heat 
and contracts, causing more cracks 
to develop. In this way flakes are 
gradually detached from the main 
rock. Under certain conditions con- 


The chemical weathering 0 
faces may produce a weird pattern of 
grooves and hollows. 


centric shells may peel off the rock, 
a process that is known as exfoliation, 
or, more descriptively, onion weather- 
ing. Coarse-grained rocks, such as 
granite, may simply disintegrate into 
their constituent minerals (because 
each expands a different amount) 
while pebbles are often split cleanly 
in two. 

Life also helps in the process of 
destruction. Tree roots, for instance, 
grow down into cracks in the rock 
beneath and gradually widen them. 
The power behind a growing plant is 
quite remarkable; trees have been 
known to split gradually massive 
boulders in two. Burrowing animals 
such as earthworms also play their 


to ree AND THE 
ROCK IS SPLIT APART 


part by bringing to the surface fine 
material which can easily be washed 
away by rain. And in many parts of 
the world soil erosion bears witness 
to the fact that man himself has 
played no mean part in the destruc- 
tion of the land by ignorant or careless 
farming methods. 

Mechanical weathering is most 
evident in cold or arid regions, though 
it goes on all over the world. Similarly, 
chemical weathering is the most 
active process in moist climates, 
especially where it is hot into the 
bargain. Chemical weathering is 
largely due to the action of rainwater 
which has dissolved carbon dioxide 
from the atmosphere, forming a weak 
solution of carbonic acid. This has a 
tremendous power to dissolve or alter 


Stalactites and Coe: illustrate the 


process of solution. They are formed by 
the evaporation of ground water which has 
dissolved calcium carbonate from the lime- 
stone through which it has passed. 


the rock substance. In fact, practic- 
ally the only common minerals which 
can withstand decomposition by car- 
bonated water are quartz and musco- 
vite. The calcium carbonate of lime- 
stone, for instance, is easily dissolved 
by rainwater, as is readily shown by 
the pitted, furrowed surface of many 
limestone platforms. Clay minerals 
result from the decomposition of 
felspars (an abundant group of 
minerals which are important consti- 
tuents of igneous rocks). The action of 
rainwater on rocks rich in felspars re- 
sults in the formation of clay, sand 
and carbonates. Another facet of 
chemical weathering is oxidation. This 
is due to the fact that rainwater also 
contains dissolved atmospheric oxy- 
gen. Oxidation is most marked in 
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Soil ts basically a product of weathering. 
Roots help to break down the solid rock. 


rocks containing iron compounds 
which take on red, brown or yellow 
tints. 

In humid regions chemical weather- 
ing proceeds at a rapid pace and the 
rocks may be rotted more than one 
hundred feet below the surface. The 
common end product of weathering in 
tropical regions is laterite, a red, 
clay-like substance which is a mix- 


The eating away of stone carvings in in- 
dustrial cities is largely due to air pollution. 
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Screes, composed of angular fragments of 
rock, are the product of ‘frost shattering’ 
on steep mountain slopes. 


ture of hydrated aluminium oxides. 

In industrial cities there is evidence 
of chemical weathering induced by 
man. The eating away of tombstones 
and carved figures on buildings is 
largely due to the presence of sulphur 
dioxide in the air as the result of 
combustion processes. Dissolved in 
rainwater, this gas forms a weak solu- 
tion of sulphurous acid. 
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| ELECTRONICS | 


Principles of a Radio Transmitter 


OW can a radio programme pro- 
duced in a studio or a message 
sent from a police car or a ship at sea 
be broadcast so that it can be picked 
up by a wireless receiver? The appara- 
tus that is used to do this is called a 
radio transmitter and, as usual, it can 
be considered as a series of stages or 
blocks of electronic equipment. 
The first stage of a transmitter is a 
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The audio frequency (sound) signal 1s 
mixed with the radio frequency (carrier) 
signal using a six-electrode (hexode) valve. 


microphone which changes the sound 
into a series of pulses of electricity, 
known as the audio frequency signal 
(since they are of a frequency that 
can be heard). These pulses are ex- 
tremely small so, in order to make 


Mixing two ‘signals’: 


them big enough to have an appreci- 
able effect on the rest of the apparatus, 
they are passed to an audio frequency 
amplifer. The way in which this 
works has already been described on 
page 277. 

If, now that the signal has been 
made appreciable, it could be broad- 
cast, it would become hopelessly 
mixed up with all the radio signals be- 
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Oscilloscope displaying the output from 
the mixer. Frequency 1s that of the car- 
rier signal but the amplitude varies in 
time with the audio signal. 


ing broadcast from other transmitters. 
This would mean that a radio receiver 
would pick up these signals all at the 
same time and a babel would come 
from the loudspeaker. It has already 
been explained in the article on the 
Diode Detector on page 369 that this 
difficulty is overcome by adding a 
constant high frequency series of 
pulses (called the carrier wave) to the 
audio frequency. This signal—which 
may be produced using one of the 


the to-and-fro pendulum movement (representing the carrier 


signal) is being modulated by the up-and-down finger movement (representing the audio 
signal). The resulting trace illustrates an amplitude-modulated wave. 
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fixed frequency oscillators described 
on page 524—has the effect of making 
the two signals together have the 
single frequency of the carrier. How- 
ever, the amplitude (i.e. the strength) of 
the new signal now varies with the 
frequency of the audio signal. 

The two signals are mixed using a 
stage called a mixing circuit. This is 
quite straightforward and could use a 


The height of a transmitting aerial governs the 
range at which its signals can be received on the 
ground. The taller the mast thé greater is the 
area served, 


valve like the triode but now with 
two grids instead of just one. If one 
signal is applied to each grid then the 
stream of electrons passing through 
the valve is affected by both signals 
together so that the current appearing 
at the anode has the two frequencies 
mixed. In practice it is found that 
with the simple valve described the 
grids affect each other as well as the 
electron stream and this causes the 
effect of each to be complicated. This 
is not at all what is wanted. Hence 
two more grids connected to earth 
(through a suitable bias resistor) are 
put into the valve to separate the two 
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signal grids, stopping their effect from 
reaching one another’s circuits. Hence 
the valve now has six electrodes al- 
together and so is called a hexode 
valve. 

If the radio signal has to travel 
more than a few miles then it must be 
made very strong. Hence it is next 
passed through a radio frequency ampli- 
fier. An amplifier for these frequencies 
has already been described on page 
339. However, in a powerful trans- 
mitter the pulses must be very big 
and a small valve with fine grids held 
in glass will soon become very hot 
and melt. Much larger valves, some- 
times several feet long, must then be 
used, and they must be cooled con- 
tinuously by blowing a stream of air 
over them. However the way in 
which this high-power radio frequency 
amplifier works is just the same as 
in the smaller case. 

The very strong pulses of the radio 
signal are now passed to the aerial 
which is a metal plate or wire in 
which the electrons move in time with 
the radio signal. This causes electro- 
magnetic radio waves to be formed 
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A schematic circuit for a simple radio trans- 
mitter. It consists of four essential stages 
as shown in the block diagram above, and a 


power supply (not shown). 


and these radiate in all directions 
from the aerial. Transmitting aerials 
on masts on high ground round the 
countryside are a common sight. It 
must not be thought that the whole 
mast is the aerial. In fact the aerial 
part is put right at the top of the 
mast since the radio waves can then 
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The continuous wave 
(Morse code) transmitter 
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SPACE 


travel a longer distance, as can be 
seen from the diagram. 

Hence the radio signal is now sent 
out in all directions to be picked up 
by the smaller aerial of a radio re- 
ceiver and converted back into the 
original sound which entered the 
microphone. 


Since Morse code consists of dots and 
dashes a message can be transmitted in 
code by simply chopping up the carrier 
wave into long bursts and short bursts. 
The continuous wave (C-W) trans- 
mitter does not need an audio frequency 
amplifier or amixer stage. The Morse key 
is arranged so that it interrupts the 
power supplied to the oscillator or to 
the radio frequency amplifier. When the 
key is pressed the circuit is completed 
and a continuous train of waves is broad- 
cast. If the key is held down a long train 
of waves (a ‘dash’) results, but if it is 
held down only briefly a short burst of 
waves (a ‘dot’) is broadcast instead. 
While the key is open no waves are 
broadcast at all. The circuit containing 
the key is provided with coils and 
capacitors to eliminate the ‘clicks’ which 
occur at the moment when the key is 
opened or closed. 
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ORGANIC CHEMISTRY 


CARBOLIC ACID 


ARBOLIC acid, or phenol as it is 

known to the chemist, has for 
many years been used in dilute solu- 
tions (3%) as a general disinfectant. 
(Although at one time used as an anti- 
septic, the sores left on the skin led 
to its replacement by less harmful 
solutions.) Important as the latter use 
is, a much larger quantity of phenol 
is required for the manufacture of 
phenol-formaldehyde resins such as 
Bakelite, named after its discoverer, 
Dr. L. H. Baekeland (1863-1944). 

One of the principal industrial 
sources of phenol is coal-tar. When 
coal is heated in the absence of air to 
produce coke and coal gas, coal-tar 
condenses out of the vapours given off 
by the coal. The various components 
present in the coal-tar may be separ- 
ated by fractional distillation—most 
phenol distils over in a fraction re- 
ferred to as middle or carbolic oil. 
This fraction, which boils in the 
temperature range 170°-230°C., con- 
tains various hydrocarbons such as 
toluene, xylene and naphthalene in 
addition to phenol. 

Phenol can be separated from the 


PHENOL 


hydrocarbons by the addition of a 
dilute solution (in water) of sodium 
hydroxide. Phenol reacts with this to 
form sodium phenoxide which dis- 
solves in the aqueous (water) layer 
which can be drawn off, leaving the 
hydrocarbons in the oil layer. 

As phenol is a very weak acid, its 
salts are very easily decomposed, so 
that phenol can be separated from the 
aqueous solution of sodium phenoxide 
by the addition of an acid. Even a 
solution of carbon dioxide in water 
will bring about this change. Phenol 
separates out as an oil which can then 
be purified by fractional distillation 
(i.e. separating the components of the 
mixture according to their respective 
boiling points). The purified phenol 
exists as colourless crystalline needles 
which melt at 43°C. 

Phenol is now used in the manu- 
facture of nylon, and various deter- 
gents, drugs and dyes in addition to 
the phenol-formaldehyde resins. As 
the gas industry was unable to meet 
this increased demand additional 
sources of phenol have been sought. 
Various methods have been developed 


Phenol and ortho-cresol are typical of the whole family of phenols—the hydroxyl (OH) 

group is attached directly to the benzene ring. Benzyl alcohol is not a phenol—its hydroxyl 

group is in the side chain. 
COH 
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to obtain it from benzene and other 
petroleum products. 

In one such recent process, benzene 
and propylene (CH,.CH:CH,) com- 
bine in the presence of aluminium 
chloride catalyst to yield isopropyl- 
benzene which is also known as 
cumene. The cumene is then oxidized 
with air under a few atmospheres’ 
pressure. The temperature of the re- 
action is maintained at about 100°C. 
The resultant cumene hydroperoxide 
can then be split up into phenol and 
acetone in the presence of 10% sul- 
phuric acid which acts as a catalyst. 
A number of impurities are formed in 
the reactors and these are separated 
from the two principal products (phe- 
nol and acetone) in a series of dis- 
tillation columns. 

Phenol as well as being the name of 
one particular compound is also the 
family name for a whole series of simi- 
lar organic compounds. The two fea- 
tures which every compound in this 
series has in common are the presence 
of at least one six-membered ring (of 
the benzene type) and at least one 
hydroxyl (OH) group attached directly 
to the ring. 

Because of the hydroxyl group one 
might expect compounds of this type 
to be alcoholic in nature. Although 
there are some similarities between 
phenols and alcohols, the nearness of 
the hydroxyl group to the ring appears 
to modify the reactions in which it 
takes part. A closer look at the struc- 


In the battery of ‘kettles’ formaldehyde and carbolic acid (phenol) are mixed and then heated 
to produce phenol-formaldehyde resin or Bakelite, one of the phenol-formaldehyde resins. 


tural formula shows that the carbon 
atom to which the hydroxyl group is 
attached is linked to one neighbour- 
ing carbon atom by two valency 
bonds, and it is suggested that this is 
the cause of the difference between 
ordinary alcohols and phenols. It 
should be noted that there are true 
alcohols derived from benzene and 
other ring compounds, but in such 
compounds the hydroxyl group is in 
the side chain and is not attached 
directly to the benzene ring. 
Phenol-formaldehyde resin (Bake- 
lite) is manufactured by heating 
phenol and formaldehyde together in 
a weakly acid or alkaline solution at 
100°C. The two compounds combine 
—as a result of the breaking of the 
double bond in the formaldehyde 
molecule-to yield a hydroxyl (alco- 
hol) group in a side chain. The latter 


Stages in the formation of Bakelite. 


The compression Gather press charged 
with powdered phenol-formaldehyde resin 
mixed with sawdust. 

group then reacts with another phenol 
molecule—two phenolic units become 
linked through a —CH,— group and 
water is set free. By the addition of 
alternate formaldehyde and phenol 
units a whole chain of phenol units 
is formed. After the solution has 
been heated for a few minutes it is 


allowed to cool and two separate 
layers appear. A water layer floats on 
top ofa brittle, glass-like, yellow resin. 

This brittle yellow resin, also 
known as Bakelite A, is only an in- 
termediate. In a second reaction this 
brittle form which is soluble in 
various organic solvents is rendered 
stronger and insoluble (Bakelite C). 
Bakelite A consists of a number of 
chains of phenol units, and by the 
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Section through a compression moulding 
press. 


The finished Bakelite moulding ready Sor 
removal from the press. 


addition of formaldehyde in the pres- 
ence of acid or alkali as a catalyst 
cross linkages are formed between the 
chains of phenol units. As before, the 
links are formed by —CH,— groups 
from the formaldehyde molecules. 
Once the Bakelite C resin has been 
obtained by the reactions described 
above, it is ready to be turned into 
the final form of the manufactured 
article. The resin in powder form is 
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WHEEL CYLINDER 
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LININGS AGAINST 
THE DRUM 


BRAKE DRU 
(BOLTED ai THE 
WHEEL) 


ADJUSTER 


BRAKING FLUID 


BRAKE PEDAL 


A PISTON COMPRESSES 
THE BRAKE FLUID IN 
THE MASTER CYLINDER 


BRAKE LINING 


BRAKE SHOE 


BRAKE DRUM 


The hydraulic braking system of a car fitted with conventional drum brakes. When the brake pedal 1s depressed, the se in the braking 
fluid forces the brake shoes against the drums and slows the car down. 


BRAKES 


[N a car, heat energy generated by 

the burning of petrol is converted 
into mechanical, or kinetic, energy to 
accelerate the car and keep it moving. 
The brakes do the reverse. They re- 
convert the mechanical energy, by 
means of friction, into heat, and so 
slow the car down. 


In conventional drum-braking 
systems the movement of the foot- 
pedal is transmitted, either mechanic- 
ally or, in the more usual hydraulic 
brakes, through pipes containing a 
special fluid, to each of the wheels. 
Rotating with each wheel is the brake 
drum, a hollow metal cylinder. Inside 
the drum, but fixed so that they do 
not rotate, are the brake shoes, each 
of which has a separate lining. The 
shoes are coupled to the movement of 
the brake pedal, so that when the 
pedal is depressed, the linings press 
against the rotating drum. The fric- 
tion between the two surfaces tends 
to slow down the rotary movement of 
the wheel. The brakes are effective 
(i.e. in converting mechanical energy 
into heat) only when one of the two 
surfaces, the lining and the drum, is 
rotating and rubbing against the 
other. If the pedal is pressed too 
hard, the brakes may lock the wheel, 
and the car may skid. Thus, in brak- 
ing, the wheels must be made to turn 
slower and slower until the car has 
actually stopped. The importance of 
good tyre-treads cannot be over- 
emphasised, since the tyre must grip 
the road surface and allow the wheel to 


rotate rather than skid against the road. 

In general, the harder the brake- 
pedal is pressed, the more effective 
the braking action. This is a demon- 
stration of one of the laws of friction. 
The retarding force depends on the 
amount of force pushing the two 
surfaces together. 

Because of the rubbing action 
against the drum, the brake linings 
are subject to wear and tear. They 
are made from asbestos fabric which, 
besides giving a good braking effect 
(having a high coefficient of friction), 
also happens to be a very good insula- 
tor of heat. This means that the heat 
generated by friction cannot escape 
from the brakes through the linings. 
Nor can it easily escape from the 
brake drums, which are practically 
enclosed. Thus the brakes become 
very hot—even red-hot in extreme 
cases—after they have been used for 
any length of time. The brake lining 
must be able to withstand high tem- 


.peratures, otherwise it may decom- 


pose, or melt, and instead of stopping 
the wheel, even act as a lubricant. In 
this case, the braking power would 
disappear—this effect being com- 
monly known as brake fade. When the 
brake has cooled, the frictional charac- 
teristics of the linings usually revert to 
normal. Brake fade may also be caused 
by the expansion of the drum with heat. 


FAMOUS SCIENTISTS 


BARON VON 
HUMBOLDT 


ARON Friedrich Heinrich Alexander von Humboldt, 
son of the chamberlain of the king of Prussia, was born 
at Berlin in the year 1769. Destined for a political career 
he studied finance at the University of Frankfurt an der 
Oder. But even at an early age Humboldt showed that 
his real interest lay in the wide realms of nature and sub- 
sequently he studied geology at Freiburg, anatomy at 
Jena and even astronomy. His first publication, a treatise 
on the basalt rocks of the Rhine, appeared in 1790. 
This was followed by a publication on the flora of the 
mines at Freiburg (1793), a work on the irritability of 
the muscular and nervous fibres of animals (1799) and 
various papers on mineralogy. 

In 1796 he resigned from his official post of assessor of 
mines in order to devote more time to the study of nature 
and three years later set out on an expedition of scientific 
exploration to South America. During the course of the 
next five years he not only explored a vast area of South 
America but also laid the basis of physical geography and 
meteorology in a wide sense as accurate sciences. He 
was the first to study the rate at which temperature 
decreases with height, an investigation which involved 
the ascent of Chimborazo and other high Andean 
mountains. He also considered the origin of tropical 
storms and discovered that the intensity of the Earth’s 
magnetism decreases towards the equator (though there 
were rival claims to this distinction). His work on the 
geographical distribution of plants and animals as affected 
by physical conditions was the first in this field. One of his 
most important achievements was the mapping of the 


ry of diamonds. 
Other work included the oo of botanical specimens 
netic observations (terrestrial magnetism being 


Court and after 1830 was frequently 

ith diplomatic missions to the court of Lotis 
Phil ppe-o ce. Yet his position was of value to science 
for Humboldt stressed the need for co- -operation among 


nations in the field of science. A ss in this name. 


caoo ri an_be redited to him and partly because his 

investigations ranged over such a-widevfield. For instance, 

He ever found time to work“with Gay-Lussaein cenduc- 
© experiments on the chemical composition of tt 


atmosphere. But there is no-doubt_that the interest 
aroused in Europe a of Humboldt’s varied work 
greatly-felped\ the/cause of scientific exploration. It is’a 


fitting tribute that-several towns, a rivér;~a_rangeée o 
mountains, a glacier and even an ocean current bear his 
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PROPERTIES OF MATTER 


CAPILLARY ACTION 


HY does blotting paper soak up 
ink, or damp rise up a wall ? 
Normally we expect liquids to flow 
downhill under the action of gravity. 
The force of gravity can be overcome 
and the liquid can be made to flow 
uphill by exerting a strong enough 
upwards force or pressure difference 
on it —for example in a hosepipe or 
a siphon or a lift pump. But ink 
flows upwards in a piece of blotting 
paper apparently of its own accord, 
with no external forces pushing it up. 
This effect is called capillary rise. It 
takes place in most porous substances 
(z.e. those which contain a great many 
tiny air spaces) such as blotting paper, 
or bricks and mortar. One of the best 
ways of observing it is to hold a lump 
of sugar so that it just touches the 
surface of a cup of tea — the lump is 
soon saturated as the liquid percolates 
through it. 


EXTERNAL FORCES 
ACTING ON WATER 


CAR a 
THE WATER 
ay 
ne SPY 


WEIGHT OF 
THE WATER 


BETWEEN WATER 
MOLECULES 


Two external forces act on a station- 
ary liquid. One is the pressure of the 
air above the liquid, and the other is the 
attraction of the earth for the liquid—in 
other words its weight. Besides these, 
internal forces—cohesive forces—bind 
the liquid together. A molecule in the 
middle of a liquid is attracted equally by 
molecules on all sides, so that all the 


A porous substance can be likened 
to a succession of tiny tubes of very 
fine bore, or capillary tubes. The dia- 
grams show what happens when cap- 
illary tubes (which must be open at 
both ends) are placed with one end in 
a beaker of water. The water rises up 
the tube to a certain height and then 
stops. The height to which the water 
rises depends on the bore of the tube — 
the narrower the tube, the higher the 
water rises. 

Of course it is nonsense to suggest 
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INTERNAL FORCES 
ACTING ON WATER 


that there is no upwards force acting 
on the liquid — before anything can 
move it must first be acted on by 
some kind of force. The water is in 
fact moved upwards by attraction 
between the molecules which con- 
stitute the glass wall of the capillary 
tube and the molecules of water. 
Any solid or liquid is bound together 
by strong attractive, or cohesive, forces 
between its molecules. These act over 
a very short distance, so a molecule 
will influence only the molecules 
immediately around it. When a mole- 
cule is in the middle of the liquid, it 
is attracted fairly equally by mole- 
cules on all sides, so that all the 
forces acting on it will tend to cancel 
each other out. Molecules next to the 
glass wall will be attracted in towards 
the rest of the liquid by the water 
molecules (this is a cohesive, or stick- 
ing together force) but they will also 


THE WATER MOVES UP 


FORCES ATTRACTING BETWEEN WATER AND 


WATER TO GLASS 


forces acting on it will tend to cancel 
each other. At the surface of the liquid, 
the upward attraction between water 
molecules and air molecules is neg- 
ligibly small, and does not balance the 
downwards force of the molecules 
below. This will tend to pull the surface 


down. It cannot move, because all 
available spaces below it are already 


be attracted away from the rest of the 
liquid by glass molecules in the wall 
of the tube. This is called an adhesive 
force. The adhesive force exerted by 
the glass wall is the greater, and the 
glass immediately above the water 
surface attracts water molecules 
straight upwards. Nearby water mole- 
cules will follow, because of the strong 
cohesive forces between them. This 
process continues, filling up the space 
below the surface as the water is 
pulled higher and higher. It continues 


UNTIL THE ATTRACTIVE FORCES 


to rise until the upward attractive 
pull is equal to the downward pull 
of gravity acting on the column of 
liquid. Water tends to pile up at the 
sides rather than in the middle, 
giving a characteristic dipped surface, 
or meniscus. 

Water rises farther up a narrow 
tube because, for a given weight of 
water in the tube, there is a larger 
glass-to-water surface area over which 
the upwards attractive forces can act. 

In many substances, the attraction 
between the solid tubes in the brick 
or the blotting paper or the sugar 
lump and the liquid (the water or ink 
or tea) is greater than the attraction 
between the liquid molecules them- 
selves. So the liquid rises up the tiny 


Parker 61 pen for filling, storing and 


(Right) Capillary action is used in nd) 
delivering ink to the nib. 


THE NARROWER THE TUBE, THE HIGHER THE 
WATER LEVEL RISES ABOVE THE LEVEL 
IN THE BEAKER 


LASS 
BALANCE THE EXTRA WEIGHT 
OF WATE 


full. So she surface is like a crue 
piece of elastic, in a continual state of 
tension. This is called surface tension, 
and will be discussed in a later article. 
Liquid molecules touching the glass are 
strongly attracted towards the glass, 
and the result of this attraction is that 
the water moves upwards, piling up at 
the sides of the tube. 


THE NARROWER THE TUBE, THE FARTHER 
THE MERCURY DROPS BELOW THE LEVEL 
IN THE BEAKER 
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The level of mercury in the tubes drops 
below the level in the beaker. 


THE MERCURY 
a IS 
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Tea rises through the spaces between sugar 
crystals in a sugar lump. This is an 


everyday example of capillary action. 


tubes. But whether the liquid rises or 
not depends very much on the solid 
and liquid in contact. If the glass 
capillary tube is dirty, for instance, 
the water level may not rise at all 
because a thin film of dirt on the 
inside walls of the tube reduces its 
attraction for water molecules. If 
water is replaced by the metal mer- 
cury, which is a very heavy liquid, 
the mercury level in the capillary 
tubes actually drops below the surface 
level in the beaker. This is because the 
cohesive forces between mercury mole- 
cules are very great indeed, and 
greater than the attractive forces 
between mercury molecules and glass 
molecules. Cohesive forces tend to 
pull the mercury down and away 
from the walls of the tube. The forces 
which depress the mercury will be the 
greatest in a narrow tube and least in 
a wide tube. 

Capillary action in the tiny holes in bricks 
draws damp up a wall. This can be 
prevented by inserting a waterproof damp 
course. 


GROUP of poppies growing 

naturally on a hillside may be 
an attractive and welcome sight but 
in a field of wheat, these same 
flowers would be called harmful 
weeds. We can say therefore that a 
weed is a plant growing out of place 
or where it is not wanted. Weeds 
occur on waste land, roadsides and 
all disturbed ground, but it is in 
cultivated fields that they are most 
obvious and most important. There 
they compete with the cultivated 
plants for water and mineral salts and 
also for light. Recent investigations 
suggest that some weeds even produce 
in their roots substances which reduce 
the growth of other plants. Apart 
from this direct competition with 
cultivated plants, weeds may harbour 
numerous pests and diseases which 
can spread to the crop and cause 
much damage. 

Weeds are characterised by their 
high seed production and their ability 
to colonise disturbed areas quickly 
and to compete effectively with other 
plants. Indeed, without these features, 
a plant would not become established 
as a weed. There are two main types 
of weed in cultivated land: small, 
quick growing plants, often with 
several generations per year, and 
The dandelion’s tough tap root 


withstands a certain amount of 
disturbance. The chickweed 


(right) survives as a species 
because of its rapid growth and 
seed production. 


me Bom 


perennial herbs (e.g. bind-weeds) with 
creeping rootstocks which continue to 
produce new plants even when broken 
into small pieces. Both of these forms 
can survive cultivation processes and 
produce a fresh crop of weeds each 
season. The soil has not always been 
disturbed by agricultural practices, 
however, and it is natural to wonder 
where the weeds of cultivated land 
originated. Sir Edward Salisbury 
suggested that sand dunes might be 
the natural habitat of some of these 
weeds and in fact the common 
groundsel and chickweed do occur on 
sand dunes. Open hillsides and cliffs 
may be other natural reservoirs from 
which plants have invaded agri- 
cultural land. 

Weeds of roadsides and waste-land 
are numerous. Roadside verges sup- 
port various hardy plants which can 
survive trampling. Plantains and 
dandelions are among the most com- 
mon. Bombed sites during the war 
quickly sprouted a number of charac- 


ened up habitats for a very 
characteristic assemblage of plants, in- 
cluding Rosebay Willowherb, Oxford Rag- 
wort and Buddleia. 
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of agricultural land are of foreign 
origin, their seeds having been acci- 
dentally introduced with grain and 
other products. Freed from their 
natural controls, these plants rapidly 
assumed weed status. Introduction of 
plants in this way is less likely nowa- 
days due to strict regulations on seed 
purity. An account of weed control 
will appear in a later issue. 


teristic plants which were able to take 


advantage of the open conditions. 
Various composites and the Rose-bay 
Willowherb are prominent in such 


places. Nettles are very characteristic} 


weeds of disturbed ground, especially } "e 


rubbish dumps where there is plenty 


of organic material. 


Hedgerows support a very charac- § 


teristic assortment of plants, which 
originally were probably inhabitants 
of open woodland. Such plants do 
not really deserve the title ‘weeds’ 
unless they spread rapidly into neigh- 
bouring fields. 

A number of weeds especially those 


Poppies, thistles and mayweed all compete 
with the wheat for water and dissolved 
salts. The taller weeds produce much of the 
impurity in the harvested crop. 
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WATER is wet. This seems obvious. 

But curiously it is not really wet 
enough to wash in. Try washing your 
hands without soap and see what hap- 
pens. The water does not wet the 


\ hands completely. When taken out of 
» Sthe water only small droplets stick 
= >to them, leaving most of the skin 
» almost dry. The importance of soap in 


washing is that it allows water to 
come into close contact with the 
rticle being washed. It also helps 
to dislodge dirt and allows the dirt 
particles to be suspended in the water 
_so that they can be poured away down 
the waste pipe instead of sticking 
to the clothes or skin. Finally, and 
very important, soap has the power 


\\to dissolve (strictly, to emulsify) 
\ grease. 
. Soap is made from various oils and 


fats treated with an alkali such as 
caustic soda or caustic potash. The 
product is finally refined and then 
dried to make cake or flake soap. One 
of the more important aspects of soap 
making is the choice and blending of 
the ingredients. The fats and oils 
d are many and varied. They come 
vegetable sources such as the 
he coconut, the groundnut and 
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the olive, and from animal products 
such as beef and mutton tallow. The 
oils must be purified and the dirt 
removed. In some cases they also 
require bleaching. All these materials 
have slightly different characteristics 
and expert blending is necessary to 
ensure that the best mixture is pro- 
duced for each individual type of 
soap. 


ig ?, 


result in soap and glycerine being 
produced. 

The principal chemical reaction 
which occurs in a typical boiling pro- 
cess is that the caustic soda brings 
about the hydrolysis or saponification 
of the tristearoyl glycerine found in so» 
the fats and oils. As a result of the = 
addition of water to the tristearoyl .§ 
glycerine, sodium stearate (the active. * 
constituent of soap) is formed and 
glycerine is set free. So the actual 
soap is mixed with glycerine, a valu- << 
able product in itself and well worth 


Diagram of a sodium stearate soap molecule. The atoms are packed together to form a 
compact unit, the hydrocarbon end of which is soluble in oil while the ionic end is soluble 
in water. In fact the molecule need not occur in a straight line but may occur in many 
shapes. The chemical formula would be CH;(CH,),;, COONa. 


The main process of soap making 
(called saponification) takes place when 
the oils reach the soap pans (see 
diagram). These are large vats into 
which a mixture of heated oils and 
concentrated alkali solution is poured. 
(Brine is also added after the heating.) 
The whole is heated by steam and 
chemical reactions take place which 


saponification is complete. (Centre) Fresh brine is added to precipitate the soap, which is then washed with lye 
, er ‘fitting’ the contents settle into three fairly distinct layers. 


COCONUT 


extracting. In order to separate the 
two substances, brine (sodium chlo- 
ride solution) is added. Sodium 
chloride is much more soluble in 
water than is sodium stearate, so that 
two layers tend to form in the pan. 
The top layer contains the sodium 
stearate and some sodium chloride, 
while most of the sodium chloride and 
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also the glycerine are in the other 
layer. 

After this operation the contents 
of the soap pan are allowed to cool, 
and the soap (which is lighter than 
the glycerine-salt water mixture) 
mainly floats to the top. The gly- 
cerine and salt water (known to the 
trade as lye) are drained off from 
the bottom of the soap pan for re- 


Soap pans where the main process of soap making, saponification, 


takes place. 
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WRAPPING AND 
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PACKING TABLE 


fining. The soap which is left (called 
curd) is processed in the same way 
three or four times over so that 
practically all the glycerine is re- 
moved. 

At the end of this stage the soap 
is found to contain too much salt. It 
is therefore ‘fitted’ or ‘finished’ by 
being boiled again together with 
more water in which the salt will 


AUTOMATIC 
WEIGHER 


Making toilet soap. Liquid soap passes 
over a roller (chilling roll) which 
chills it and turns it into shreds. These 
are carried to driers where water ts 
removed. Conveyor belts then take the 
shreds to mills which ‘crimp’ them for 
storage. Automatic weighers deliver the 
soap chips into a mixer where perfume 
ts added. After refining, the soap emerges 
Srom the plodder as a continuous bar 
which is cut into pieces of tablet size. 


dissolve and then allowed to settle 
for a few days. By this time the 
contents of the soap pan have separa- 
ted out into three fairly distinct 
layers (see diagram). At the top is 
the ‘neat’ soap, a clear, thick liquid 
containing about 70% soap and 30% 
water, with only traces of glycerine 
and salt. Below this is a layer of 
thin salty fluid containing about 40% 


A triple refiner, where the crimped chips of toilet soap are 
passed through refiners, each rather like a mincing machine. 
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soap. This fluid is called nigre. At 
the bottom is nigre lye, made up of 
water, salt, some caustic soda and a 
very small amount of glycerine. 

This is the traditional boiling 
method of making soap. Because it is 
a ‘batch’ process (in other words each 
pan-full has to be treated separately) 
it has limitations. The ‘flow’ methods 
now coming into use involve much 
the same principles but allow the soap 
to be made continuously (and rather 
more cheaply and efficiently). 

The methods of processing the neat 
soap from the pan into a usable pro- 
duct are now becoming highly auto- 
matic. Toilet soaps, for example, may 
follow this pattern. The warm neat 
soap is allowed to flow in a film 
over water-cooled rollers which cool 
and harden it. The solid soap, cut 
into strips, is partly dried by heat- 
ing and then mixed with perfumes and 
colouring matter. The resulting paste 
is further refined and compressed, 
so that it finally emerges as a con- 
tinuous bar of soap. This is then cut 
into short lengths and stamped which 
makes it into the tablets of soap we 
buy in the shops. 

Hard household soap follows rather 
similar processes except that the 
colouring is added to the neat soap 
while it is still liquid and that the 
refining operations do not form so 
prominent a part. Where soap flakes 
are to be made the soap is passed over 
rollers which shape it into a very thin 
sheet. The last roller also cuts the 
sheet into the small diamond-shaped 
pieces we know as soap flakes. 


View of a chilling roll, from which soap emerges in the form of 


solid shreds. 


We are all familiar with the power of 
soap to remove grease and dirt from the 
hands, from soiled cloth and from used 
dishes. But one may ask why it is that 
soap (and also the synthetic detergents) 
has this power. 

The active ingredients of most soaps 
are the sodium salts of the so called 
fatty acids (i.e. acids which can be 
obtained from animal fats and vegetable 
oils). These salts comprise a_ long 
hydrocarbon chain, containing as many 
as 16 (CH,) units at one end of which is 

situated the (COONa) group. The latter 
end of the molecule is ionic (tends to 
release positive sodium ions) and dis- 
solves in water, while the other end of 
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the chain behaves as a hydrocarbon 
and as such is soluble in oils and 
greases. 

Thus, when soap is put in water, the 
water-soluble part dissolves in the 
water leaving the oil-soluble part in 
suspension. As it is normally greases 
and oils which cause dirt particles to 
adhere to cloth, the action of the soap 
on the grease releases the foreign 
matter. In doing this the oil-soluble 
ends of the soap molecules become 
dissolved in the grease spot to form a 
micelle (droplet of colloidal size). As the 
water-soluble ends of the molecules are 
on the outer surface of the micelle it 
can be carried away in the water. 


Equation for the saponification of Oils in Making Soap. 


CH OOC. (CHy)i6. CHs 
CH. OOC. (CHa)is CH3 + 3H,0 
CH, OOC. (CH2))¢ CH3 


TRISTEAROYL GLYCERINE WATER 


CH2OH 


———» 3CH;. (CH,)-COOH + CH.OH 
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CH,0OH 
STEARIC ACID 


down, to cool and harden. 


GLYCERINE 


A weathering tower in which Tablets of soap are passed up and 


PHYSIOLOGY 


WHEN an animal is asleep or lying 

still when it is hiding from its 
enemies or waiting to pounce on its 
prey, there are few outward signs 
that it is alive. But look carefully 
at a fish lurking amongst weeds or a 
frog hiding in the grass and you will 
see the rhythmical movements of the 
fish’s gill covers and the frog’s 
‘swallowing’ movements. These brea- 
thing movements are perhaps the most 
obvious sign that such an animal is 
alive. They are an outward expres- 
sion of the vast energy consuming 
changes that are taking place within 
the animal, the energy for which is 
obtained by the burning of digested 
food materials with oxygen. But 
breathing is not only concerned with 
obtaining oxygen. An important part 
of the activity is also the removal 
of carbon dioxide (a waste product of 
the burning processes) from the body. 
Furthermore, though breathing is a 
rhythmic process, it is one whose 
rhythm can be adjusted in order that 
the varying demands of the tissues 


—meeiitow air sacs—the alveoli. 


are satisfied. 

The structure of the lungs has been 
outlined on page 530. Each lung may 
be compared with a tree the branches 
of which are hollow and represent the 
bronchi and bronchioles: each cluster 
of leaves represents a cluster of tiny 
But 
each respiratory tree is enclosed in 
a layer of tissue, the pleura, and all 
parts of it have a rich blood supply. 
The alveoli and the bronchioles have 
elastic fibres (see page 73) in their 
walls. The elastic fibres give, so 
allowing the lungs to expand at 
inspiration (breathing in) and when 
they contract (i.e. shorten) during 
expiration (breathing out) air is forced 
out of the lungs. Expiration is thus 
largely accomplished by the action 
of the elastic fibres for little muscular 
effort is involved. A person suffering 
an attack of asthma has difficulty in 
breathing out because the smooth 
muscle in the bronchioles contracts 
thus reducing the expansion of the 
lungs, and hence the stretching of the 
elastic fibres, at inspiration. The force 


exerted by the shortening of the 
elastic fibres is therefore less than 
normal at expiration. 

The lungs are situated in a cavity, 
the pleural cavity, which is surrounded 
below by the diaphragm, a muscular 
sheet, and on the other sides by the 
ribs. The ribs are provided with 
muscles, the intercostals, and during 
breathing are held by the scalene 
muscles from above and the abdominal 
muscles from below. The diaphragm is 
domed upwards underneath the ribs. 
At inspiration it becomes flattened 
(and so is lowered) when its muscles 
contract. This, with the action of the 
intercostals pulling the ribs out, en- 
larges the pleural cavity and reduces 
the pressure on the lungs. Atmos- 
pheric pressure therefore forces air 
into the lungs. During expiration the 
intercostals and diaphragm muscles 
relax and the shortening of the elas- 
tic fibres in the lung tissue, together 
with the pull of the abdominal 
muscles and another set between the 
ribs and breastbone, forces air out 
of the lungs. 


Man is an animal that walks up- 
right so the diaphragm is more or 
less horizontal: it therefore moves 
vertically. But in animals that walk 
on all fours (quadrupeds) the dia- 
phragm is vertical: it moves horizon- 
tally. In man the thoracic box takes 
little weight and is movable. Either 
its movements or those of the dia- 
phragm will produce sufficient venti- 
lation of the lungs, but in quadrupeds 
the ribs and their muscles have to 
take more weight. This reduces their 
mobility and so the rush of air into 
the lungs is mainly caused by move- 
ment of the diaphragm. In contrast, 
whales, and other mammals that 
spend their entire life in water and 
therefore do not have to carry their 
weight on their limbs, can use their 
chest muscles for breathing so that 
the diaphragm is much less im- 
portant. 

Breathing can, of course, be con- 
trolled voluntarily but normally it is 
automatic. A region of the medulla 
(see pages 418-20) — the respiratory 
centre — sends signals rhythmically in 
nerves to the intercostal muscles and 
the muscles of the diaphragm causing 
them to contract rhythmically. As 
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the lungs are expanded at each 
inspiration nerve endings attached to 
smooth muscle cells (receptors) in 
the lung tubes are stimulated and 
signals pass from them along nerve 
fibres to the respiratory centre. 

Experiments indicate that the res- 
piratory centre has two main regions, 
one that produces inspiration and a 
second that works against it to pro- 
duce expiration. They are known as 
the inspiratory and expiratory centres. 
As a further complication there is a 
region in front of the medulla that 
plays some part in controlling the 
rhythm of respiration, for when the 
nerve tracts in front of the medulla 
are cut the rhythm is destroyed. Pro- 
bably then this region receives 
signals rhythmically from the inspira- 
tory centre and at the same time sig- 
nals from the latter pass to the 
intercostal muscles, the diaphragm 
and the expiratory centre. The com- 
bined influence of the region in front 
of the medulla, the expiratory centre 
and signals from the receptors in the 
lungs over-rules the inspiratory centre 
and produces expiration. 

Breathing is concerned only with 
ventilating the lungs so that adequate 


oxygen supplies are inhaled and so 
that carbon dioxide is exhaled. But 
the blood system transfers oxygen to, 
and carbon dioxide away from, the 
tissues. It is not surprising, therefore, 
that there are links between the 
respiratory centre and centres in the 
brain that control the circulation. 
The respiratory centre itself is ex- 
tremely sensitive to the amount of 
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A diagram showing some of the nerves to 
and from structures involved in respiration. 


carbon dioxide in the blood and if 
this amount rises then the rate of 
breathing will increase. Receptors in 
the aortic and carotid arches (see 
page 482) are sensitive to the amount 
of carbon dioxide and oxygen in the 
blood. For example a fall in the car- 
bon dioxide concentration results in 
a fall in the depth and rate of breath- 
ing, a rise in its concentration (such 
as that following vigorous exercise) 
increases the depth and rate of 
breathing. Thus the amount of carbon 
dioxide in the blood is returned to the 
average level. For though carbon 
dioxide is harmful to the body in large 
quantities a certain amount is essen- 
tial for its proper functioning. Only 
a few of the factors affecting respira- 
tion have been described here but it 
is obvious that a highly efficient 
system exists whereby the varying 
needs of the organism are met. 
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STATIC ELECTRICITY 
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THE PINK INDICATES 


THE GREEN INDICATES 


CHARGE STORED 
ON PLATES 


At the instant the switch is closed, 
electrons surge round the circuit, 
leaving positive charges onthe plate 
connected to the positive battery 
terminal. The negative electron charge 
is stored on the negative plate and a 
voltage difference, or difference in 
electric pressure, is built up between 
the plates. 


CAPACITORS 2 


The last few electrons are transferred 
very slowly, and the current in the cir- 
cuit dwindles to nothing. The voltage 
difference between the two plates (the 
difference in electric pressure caused by 
the accumulation of charge) is now 
| volt, the voltage supplied by the 


battery. 
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CHARGE STORED 
ON PLATES 
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LESS CHARGE IS ADDED IN THIS 
NEXT INSTANT OF TIME 


The passage of the next few electrons is 
not so easy, as the positive charges on 
the positive plate tend to hold electrons 
back, while the negative charges on the 
negative plate tend to push them back. 
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CHARGE ON RIGHT-HAND 
LATE IS NOW POSITIVE 


\\. CHARGE ON LEFT-HAND 
“PLATE IS NOW NEGATIVE 


CHARGE STORED 
| ON PLATE. 


The battery terminals are suddenly 
switched round. Electrons can now 
surge round the circuit in the opposite 
direction, discharging and recharging 
the plates, making the original positive 
plate negative, and vice versa. 


OPPOSITE DIRECTION 


T the instant when a battery is 

connected across a capacitor (or 
condenser) a temporary, or transient 
current flows in the circuit. The 
voltage difference (difference in 
electrical pressure) between the two 
capacitor plates gradually increases 
to a maximum-—in this case the 
voltage difference supplied by the 
battery. The amount of charge stored 
by the capacitor depends directly on 
its capacitance and on the voltage 
connected across it. The diagrams 
show how a capacitor is charged and 
then discharged by connecting the 
battery terminals the opposite way 
round. When this is done very quickly, 
it is similar to an alternating, to-and- 
fro current. If one complete cycle 
of the alternating current takes less 
time than the time to completely 
charge the capacitor, the capacitor 
continually charges and discharges 
and the flow of current through it is 
continuous. Thus while the capacitor 
has an infinitely large resistance to 
direct current — it will allow no cur- 
rent to pass through at all after the 
initial charging — it will let a rapidly 
changing alternating current pass 
through it fairly easily. 
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The nis & of alternating, to-and-fro 
current (A.C.) is continually changing 
direction, and switching from positive 
to ib, wptlie Thus the charges are con- 
tinually moving from one plate to the 
other around the circuit (but not, of 
course, across the air gap between the 
plates). 
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The doldrums is the name given to the equatorial belt 
of low pressure where the trade winds converging 
upon each other produce light winds and calms. 
Sailing ships used to avoid the doldrums whenever 
possible for they faced the prospect of day upon day 
with scarcely a breath of wind to ruffle the sails. 
Yet this region has stormy weather for there is a 
strong upward movement of air. The sub-tropical 
belts of high pressure around latitude 30° North and 
South are called the horse latitudes at sea, though no 
one can be sure of the derivation of the name. They 


are regions of calms and light variable winds. The 
trade winds blow from the sub-tropical belts of high 
pressure towards the equatorial low pressure region. 
Their direction is north-east in the northern hemi- 
sphere and south-east in the southern hemisphere. 
They are most clearly marked over the oceans where 
they blow with extreme regularity. In fact the very 
name may be derived from a nautical expression ‘to 
blow trade’ meaning ‘to blow along a regular track’. 
Beyond the horse latitudes in both hemispheres is a 
belt of winds known as the prevailing westerlies. In 


the northern hemisphere they blow from the south- 
west and in the southern hemisphere from the north- 
west. These winds are not as constant as the trade 
winds, especially in the northern hemisphere, largely 
owing to the endless development of anticyclones and 
depressions but they are more dependable at high 
altitudes. The prevailing westerlies are most marked 
in the southern hemisphere where they are less 
interrupted by land masses. Here they are known as 
the Roaring Forties. 


THE WINDS OF THE WORLD 


If the Earth were stationary and 

had a uniform surface, each part 
of which received a similar amount 
of heat from the Sun, the only move- 
ments of air would be vertical con- 
vection currents. In other words, 
horizontal movements of air across 
the Earth’s surface, which we think 


of as winds, would not exist. But 
none of these conditions do exist of 
course. The Earth is spinning on its 
axis, the oceans and land masses 
make for a very diverse surface and 
different parts of the world receive 
different amounts of heat from the 
Sun. These are the basic factors 


governing the horizontal movements 
of air and the last of the three is the 
most important as far as the planetary 
wind circulation is concerned. It is 
the unequal heating of the Earth’s 
surface which is the chief cause of 
differences in atmospheric pressure 
and these are the cause of winds. 
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he Barometric Gradient 


sobars are lines joining points of equal 
atmospheric pressure on a weather chart. 
n order to make a true comparison all 
pressure readings are reduced to their 
alue at mean sea level. Isobars are very 
uch like the contours on a_topo- 
graphical map which link points of equal 
eight. Just as contours indicate areas of 
igh and low land so isobars indicate 
egions of high and low pressure. And just 
as crowded contours indicate a steep 
slope, so isobars close together indicate a 
steep barometric gradient. 

Surface gradient is the rate at which 
eight changes over horizontal distance. 
hus a surface gradient might be expressed 
as | in 20 which means that the land sur- 
ace slopes at a rate of one unit of height 
e.g. foot or yard) in every twenty similar 
nits of distance. Barometric gradient is 
ikewise the rate at which atmospheric 
pressure changes over horizontal distance. 
But the measurement in this case is the 
amount of change (in millibars) that occurs 
over an arc of one degree on the Earth’s 
surface (about 60 sea miles or 69 geo- 
graphical miles). 


Pressure and Winds 


number of factors govern the speed 
and direction of wind. Basically, there is a 
endency for air to move from an area of 
igh pressure to an area of low pressure 
n an attempt to even out the difference. 
he strength of the ‘push’ depends upon 
he pressure gradient, the steeper the 
gradient the greater the ‘push’ and the 
tronger the wind. But once air starts to 
ove, other factors come into play. 
n the first place there is the force due to 
he rotation of the Earth. This acts at 
ight-angles to the direction of motion — to 
he right in the northern hemisphere and 
o the left in the southern hemisphere. 
Secondly, when air moves in a curved path 
t tends to be flung outwards as a stone is 
ung from a whirling sling. This force is 
mportant only where the isobars are 
ightly curved. Lastly, there is the effect of 
riction between the moving air and the 
ground. 

The result of the interplay of these 
actors was first expressed in a simple 
rule by Christoph Buys Ballot, a 19th 
entury Dutch meteorologist. If you stand 

ith your back to the wind, in the northern 
hemisphere, spread out your arms and 
urn 30° to the right, your left hand will 
point to the area of low pressure and you 
right hand to the area of high pressure. 
In other words, winds tend to blow acros 


and the ground is negligible, winds tend to 
blow along the isobars rather than acros 
hem and their speed also increases. 
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Mean pressure distribution and general wind direction in January. 


Equatorial regions receive a great 
deal more heat from the Sun than 
polar regions and generally speaking 
this results in a transfer of air be- 
tween high and low latitudes. At the 
equator heated air rises, lowering the 
pressure near the ground and increas- 
ing it above. At the same time cold, 
dense air over the poles sinks, in- 
creasing the pressure near the ground 
and lowering it above. This means 
that near the surface the pressure is 
greater at the poles than at the 
equator, while in the upper air the 
position is reversed. In an attempt to 
even out these pressure differences, 
equatorial air flows towards the poles 
in the upper air, while polar air 
flows towards the equator near the 
surface. 

In actual fact the circulation is not 
quite as simple as this, for the warm 
equatorial air rising and travelling 
polewards gradually cools and sinks 
to the ground at about latitude 30° 
(North and South). Part of it then 
turns back towards the constant low 
pressure region at the equator while 
the rest continues on its poleward 
journey, but at ground level. Finally, 
the now cool poleward bound air 
meets cold, dense air spreading out 
from the poles at about latitude 60° 
and rises over it. 

The circulation just described 
means that in addition to the low 
pressure region along the equator and 
the high pressure regions at the poles, 
there are intermediate pressure belts: 
a region of high pressure around 
latitude 30° (caused by descending 


air) and a region of low pressure 
around latitude 60° (caused by as- 
cending air). 


The Wind Pattern 


If it were not for the spin of the 
Earth the surface winds produced by 
the general circulation, of the air 
would all blow either north or south. 
The effect of the Earth’s rotation 
(from west to east) is to deflect the 
winds, to the right in the northern 
hemisphere and to the left in the 
southern hemisphere. The reason for 
this lies in the fact that different 
parts of the Earth’s surface move at 
different speeds. The equatorial cir- 
cumference of the Earth is about 
25,000 miles. Hence a point on the 
equator has to travel about 25,000 
miles in 24 hours to complete one 
rotation, which means a speed of 
over 1,000 miles per hour. But the 
east-west girth of the Earth decreases 
away from the equator until it is 
nothing at the poles. In other words, 
the distance a point has to travel to 
complete one revolution in 24 hours 
decreases towards the poles and thus 
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Mean pressure distribution and general wind direction in July. 


the speed at which the Earth’s surface 
is travelling decreases likewise. 

This means that air travelling from 
the equator towards the North Pole 
starts out at an eastward speed of 
over 1,000 miles per hour (this speed 
is not noticeable, of course, for the 
Earth’s surface is travelling at a 
similar velocity). But as the air con- 
tinues on its poleward journey it is 
passing over a surface which is moving 
eastwards at a progressively slower 
rate. Hence the poleward-bound air 
starts to ‘overtake’ the Earth. In 
other words it appears to be deflected 
eastwards (to the right according to 
the direction in which it is moving). 
In the case of air moving southwards 
from the North Pole, it is passing 
over a surface which is moving pro- 
gressively faster. Hence it lags behind 
the Earth’s surface and appears to be 
deflected westwards (once again to 
the right according to the way it is 
moving). In the southern hemisphere 
the same conditions mean that the 
air is always deflected to the /eft. 


The Swing of the Wind System 


Yet another factor complicates the 
simple planetary wind system — the 
seasons. At certain times of the year 
the Sun is directly overhead at the 
equator, and the planetary wind 
system is then nicely centred over the 
globe. But due to the tilt of the 
Earth and its yearly orbit around the 
Sun the overhead Sun is constantly 
changing its latitude; sometimes it is 
north of the equator and sometimes 
south. And the wind system naturally 
shifts with the overhead Sun. In 


January, for instance, the Sun is 
overhead south of the equator and 
this is the area receiving the greatest 
amount of heat per unit area. Con- 
sequently, the warm, rising air which 
lies at the centre of the wind system 
is south of the equator too, and the 
whole wind system is shifted south- 
wards. In July, on the other hand, 
the Sun is overhead north of the 
equator and the whole wind system 
is shifted northwards. 

The practical importance of the 
swinging wind system is that some 
parts of the world do not have the 
same general wind tendencies at all 
times of the year. To take a practical 
example, northern Chile lies in the 
trade wind belt all the year round 
and this (combined with other fac- 
tors) has produced the Atacama 
desert with a rainfall of less than one 
inch per year. But central Chile 
experiences moist westerly winds dur- 
ing the southern hemisphere’s winter 
when the wind system shifts north- 
wards and these yield a considerable 
supply of rain. 


Upsetting the Pattern 


The biggest factor in upsetting the 
tidy pattern of the planetary winds is 
the fact that the Earth’s surface is 
composed of both land and sea. The 
sea heats up slower than the land 
but, on the other hand, it retains its 
warmth longer. The result of this can 
sometimes be noticed on a calm hot 
summer’s day at the seaside. During 
the day the air above the land is 
rapidly heated and rises while a 
current of cooler air moves in from 


over the sea to take its place. This 
draught of cool air is known as a 
sea breeze. During the night the air 
stream is reversed, for the land cools 
more quickly than the sea. On a 
continental scale the process which 
produces land and sea breezes results 
in monsoons, where the wind direc- 
tion varies not from day to night but 
from season to season. During the 
summer, winds blow from the sea to 
the land and during the winter from 
the land to the sea. Most continents 
have monsoonal tendencies but the 
classic example exists in South East 
Asia. 

Other disturbances imposed upon 
the general wind pattern result from 
the development of temporary cells 
of high and low pressure (anti- 
cyclones and depressions). This is 
particularly noticeable in regions such 
as North West Europe which is 
frequently under the influence of 
depressions coming in from the Atlan- 
tic on a generally easterly track. 
These considerably modify the general 
westerly wind direction. 


Sir George Simpson’s version of the Beaufort 
wind scale. 
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HYDROSTATICS 


ARCHIMEDES’ 
PRINCIPLE 


ARCHIMEDES discovered that 

floating objects or objects which 
are completely or even partly sub- 
merged in a fluid have a certain 
amount of upthrust or buoyancy 
acting on them. The size of this up- 
thrust is equal to the weight of the 
fluid that the object displaces. This 
statement of fact is known as Archi- 
medes’ principle. 

Consequently because of this up- 
thrust, objects appear to weigh less 
than their ordinary weight when they 
are suspended in liquid. The more 
dense the liquid, the lighter the objects 
seem to become. Salty water is denser 
than fresh water, therefore a particu- 
lar object will displace a greater 
weight of salty water than fresh water. 
As the upthrust is greater, the object 
appears to weigh less in salty water 
than it does in fresh water. Objects 
appear to weigh more in methylated 
spirits than they do in water. This 
is because methylated spirits is not 


As the cork is floating, its weight acting downwards is exactly balanced 
by the upthrust of the water pushing up on the cork. Both weight 
and upthrust are equal to 5 grams. The water displaced by the cork 
weighs 5 grams. The upthrust of the water then is equal to the weight 
of the water displaced, verifying Archimedes’ principle. 


THE WATER DISPLACED 


WEIGHS 5 GRAMS 
WEIGHT 20 GRAMS WEIGHT 25 GRAMS 


Buoyancy and Archimedes’ principle. The object weighs less in water than it 
does in air. The loss in weight is due to the upthrust of the water acting on the object 
It weighs even less in salt water. As salt water 1s more dense than pure water, the object 
displaces a greater weight of salt water. The upthrust on the object ts larger because it ts 
equal to the weight of salt water displaced. Because of this larger upthrust it is easter 
to float in salt water than in fresh. The denser the liquid, the easier it is to float in it. 
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as dense as water. The weight of 
liquid displaced and the upthrust are 
less. Methylated spirits is not as 
buoyant as water. Mercury is the most 
buoyant liquid because it is the most 
dense, and is capable of producing 
comparatively large upthrusts for a 
small volume of mercury displaced be- 
cause this volume of mercury weighs 
so heavily. 

Water, mercury and methylated 
spirits are liquids. Archimedes’ prin- 
ciple applies to all fluids. Gases are 
also fluids, but as they are so much 
less dense, the upthrusts of gases are 
not as large. Even so, objects weigh 
slightly less in air than they would 
do in a vacuum. A hydrogen-filled 
balloon can hang motionless in the 
sky because its weight — which tends to 
drag it back to Earth — is exactly bal- 
anced by the upthrust of the air. 
This upthrust is also equal in size 
to the weight of air that the balloon 
displaces. 
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THERE IS A GREATER UPTHRUST ACTING ON THE SUBMERGED CROWN THAN ON THE PURE GOLD. THE CROWN MUST BE OF 


LARGER VOLUME THAN THE GOLD. THIS SHOWS THE DENSITY OF THE CROWN TO BE LESS THAN THAT OF PURE GOLD. 


A knowledge of Archimedes’ prin- 
ciple is important to anyone involved 
in the design of ships and submarines 
as upthrusts must be calculated. It is 
absolutely essential to know how low 
a ship is going to lie in the water 
before it is launched and what size 
the upthrust on a submarine will be. 

The Greek Archimedes (287-212 
B.C.) lived in Syracuse, a Sicilian city. 
When he discovered what is now 
known as Archimedes’ principle, he 
was not concerned with the problems 
of floating and sinking, but with trying 
to discover whether a certain crown 
was made of pure gold or not. His 
kinsman Hiero, the King of Syracuse, 
had sent a lump of gold to a gold- 
smith to have a crown fashioned 
from it. When the crown was returned 
to him, although it weighed exactly 
the same as the piece of gold he had 
sent, he suspected that the crown was 


not made of pure gold. The smith ' 


may have been dishonest and taken 
some of his gold, substituting in its 
place a mixture of cheaper metals 
such as copper and silver in such 
proportions that the crown would 
look the same. 

Archimedes pondered over the pro- 
blem for some time. The idea occur- 
red to him that a block of gold would 
weigh more than a block of silver or 
copper of the same size. He probably 
verified this by experiment. But the 
king would hardly be willing to have 
his crown melted down to find out 


if it was the same size as a block of 


gold of the same weight. 
Legend has it that one day in the 
public bath house in Syracuse Archi- 


medes jumped into a tub full of 


water, making water overflow all over 
the floor. This sparked off a train 


of thought in his mind. The idea of 


how to solve the problem formed. 
So elated was he that, without stop- 
ping to dress, he ran through the 
streets of Syracuse shouting ‘Eureka’ 
which means ‘I have found it’. What 
had probably occurred to him was 
that his limbs had displaced their own 
volume of water. The crown would 
displace its own volume of water. So 
would a lump of gold of the same 
weight. In the course of his experi- 
ments he noticed that the weight of 


The anchor becomes much more difficult to 
lift as it is pulled out of water. This 


ts because the water is no longer buoying it 


up. 


) 


water displaced was equal to the 
apparent loss in weight of the sus- 
pended object. 

The goldsmith had in fact tricked 
King Hiero, for Archimedes found 
that although the lump of pure gold 
and the crown weighed the same in 
air, in water the crown weighed less 
than the pure gold, i.e. it displaced 
more water, showing its volume to be 
larger. Therefore the crown was less 
dense than the gold, having been 
alloyed with a lighter metal. 


If the velocity of sound is known, an unknown distance can be estimated by measuring the 
time taken for sound to traverse it. The picture shows an observer in a balloon checking 
the location of guns using the velocity of sound. 
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AN YONE who has watched a thun- 

derstorm will be aware that sound 
takes some time to travel from its 
source to a distant observer. Although 
the flash of lightning and the sound 
which is called thunder originate from 
the source at the same time, there is 
always a time lag between seeing the 
lightning and hearing the thunder. 
With the knowledge that sound travels 
slightly more than one mile in five 
seconds, it is possible to calculate 
how far the storm is from the observer, 
and even to predict from the times of 
successive thunder claps the direction 
in which the storm is travelling. The 
lapse between seeing the cloud of 
smoke rising from a starting pistol and 
hearing the report may also be ex- 
plained by the difference between the 
velocity of light and the velocity of 
sound. 

The determination of the velocity 
of sound has occupied scientists over 
a period of many years. Various 
attempts have been made to obtain an 
accurate value, each experimenter 
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miles from the source. To find the 
velocity of sound it was then neces- 


sary to measure the straight-line \ 


distance between the source and the 
observer. There are two serious errors 
which could affect a determination 
of this type. In the first place, any 
winds would alter the actual velocity 
of sound, though this error could be | 
reduced by making the measurement ” 
in the reverse direction (i.e. firing a 
cannon from the observation point 
for the first determination). The other 
error is more serious in that there is 
little that can be done to control it 
—it is the personal error or reaction 
time of the observer. There is always 
a time lag between the observer’s 
receiving the signal (flash or bang) 
and reacting to it and it is quite 
likely that his reaction time is different 
for visual and aural signals. 

Since the velocity of sound varies 
according to air temperature and the 
humidity (water vapour content) of 
the air, it is more satisfactory if these 
factors can be carefully controlled. 
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Diagrammatic arrangement of one modern method for determining the velocity of sound. As 
the sound of the pistol reaches each microphone, a pen in the recorder is deflected. A section 


of a typical ‘trace’ 1s shown. 


trying to reduce or eliminate possible 
errors in previous measurements and 
thus find a more reliable value. 

The first measurements were made 
by firing a cannon situated on a hill- 
side and recording with an accurate 
clock the time between seeing the flash 
of the gunpowder exploding and 
hearing the explosion at an observa- 
tion point on another hill several 
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For this reason modern determina- 
tions of the velocity of sound have 
been carried out in enclosed spaces 
such as long, straight underground 
tunnels. 

In recent measurements of the 
time taken for sound to traverse a 
measured distance, human observers 
have been replaced by microphones 
and electronic recording devices. Al- 


though the latter also have reaction 
times, at least these are constant for 
the particular instrument. 

Two microphones in direct line with 
the source of sound are situated at a 
known distance apart. Both micro- 
phones are connected to one record- 
ing instrument which also incor- 
porates an accurate timing device. 
Recording of any sound detected by 
the microphones is done on a moving 
roll of paper. The level of sound 
reaching the microphones is traced 
out by two pens (one for each micro- 
phone) and as the sound from the 
source passes over each microphone 
a sudden increase in noise level is 
immediately shown up by a large 
deflection of the pen. A third pen is 
attached to the timer and this pen is 
deflected at regular time intervals 
(tenths of a second). In this way an 
accurate time scale is provided on the 
paper strip, so that the time for the 
sound to travel the fixed distance 
between the microphones can be 
read from the chart. 


PHYSIOLOGY 


Air-breathing @ 
in Vertebrates ¥ 


LTHOUGH fishes characteristically breathe, by 

means of gills, oxygen that is dissolved in the water, 
some have lungs and are able to breathe air as well. The 
African lungfish suffocates if it is unable to obtain air! 
The presence of lungs in some surviving bony fishes and 
in lungfishes suggests that they were developed very early 
in vertebrate history. There is also strong evidence that 
the air bladder, present in nearly all modern bony fishes, 
has developed from a lung-like structure. It seems likely, 
therefore, that the earlier ancestors of the bony fishes 
possessed lungs. 

Lungs are of value to lungfishes in helping them to 
survive the seasonal drought conditions that characterise 
the regions in which they live at present. Such conditions 
are thought to have existed in Devonian times when the 
bony fishes arose. Thus the development of lungs would 
have been of considerable importance to them as a sur- 
vival factor. As the conditions changed lungs would have 
become less important, so that today only a few fishes have 
them. In the majority they have been modified to form 
the swim bladder, a device that enables a fish to maintain 
or alter its depth in the water. 

In the bichir (Polypterus) of parts of Africa the lungs are 
paired sacs which have a common opening into the floor 
of the pharynx. The right is longer than the left but both 
lie along their respective sides of the oesophagus. The 
internal surface of the lungs has few ridges, a similar con- 
dition to that of most frogs (see illustration), and in sharp 
contrast to the lungs of mammals, which are divided into 
millions of tiny air sacs (alveoli). The large internal surface 
area of mammalian lungs allows the rapid uptake of 
oxygen that these animals require for their highly active 
way of life. 

The Australian lungfish has only one lung, but the 
South American and African forms both have two. In 
each case the entrance to the lungs lies in the floor of the 
pharynx (as in tetrapods—four-footed animals), though 
the lungs themselves lie above the gut. The internal lung 
surface is divided to some extent into pouches and alveoli, 
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The position of the ribs and breastbone of a bird during mspiration 
(left) and expiration (right) its shown by the dotted lines. 
(Inset) A diagram showing the positions of the lungs and air sacs. 


so that the lung is more efficient as a respiratory organ 
than that of Polypterus. The Australian lungfish and 
Polypterus are known to come to the surface to ‘gulp’ in 
air. 

In tetrapods (amphibians, reptiles, birds, mammals, 
any vertebrate above the fishes) the respiratory ap- 
paratus has a characteristic plan (see page 530). In the 
amphibians the skin and the lining of the buccal cavity are 
moist and well supplied with blood vessels. They are im- 
portant respiratory surfaces supplementing the lungs. In- 
deed some amphibians, for example cold-water-inhabiting 
salamanders, have either very reduced lungs or none at 
all. The skin has an extremely rich blood supply and 
adequate oxygen supplies can be obtained through it. 
Larval amphibians have gills, as do some adults, for 
example the mud-eel (Stren) and the olm (Proteus). 

The ribs of amphibians are reduced by comparison 
with those of other tetrapods. Those with lungs have a 
special mechanism for filling them. This consists of an 
apparatus in the floor of the throat—the hyoid apparatus. 
At inspiration the mouth is closed, the nostrils are opened 
and the floor of the throat is lowered, thus increasing the 
volume of the buccal cavity so that air is sucked in. The 
nostrils are then closed and the floor of the mouth raised to 
force air into the lungs. Alternatively the nostrils may 
remain open so that the air merely passes in and out of the 
buccal cavity. However, when air is passed to the lungs it 
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A diagram to show the position of the 
paired lungs of tetrapods and their 
common opening into the floor of the 
throat (pharynx). The lungs of Poly- 
pterus (above right), a primitive bony 
fish, and the African lungfish (below) 
are arranged in a similar way. 


wards between them and the ie 
cavity several times before the nostrils 
are opened to allow the ‘stale’ air to 
flow out. 

Thus while obtaining a large per- 
centage of oxygen from the inspired 
air and removing large amounts of 
carbon dioxide, the quantity of water 
that is lost as vapour is reduced to a 
minimum. 

The ‘swallowing action’ of amphi- 
bians may be contrasted with the 
‘suction pump’ action of breathing in 
reptiles. Most reptiles have no dia- 
phragm, but a structure rather like 
one is present in crocodiles. When the 
ribs are moved backwards therefore 
by the action of the trunk muscles the 
volume of the whole body cavity of 
most reptiles is enlarged. Air is thus 
sucked into the lungs. In many lizards 
the internal surface of the lungs is 
folded very little, but in a few lizards, 
turtles and crocodiles the lungs have 
a spongy texture due to its compli- 
cated subdivision and _ infolding 
(though a central cavity extends from 
the bronchus and the hind part is 
smooth and not folded). 

In some reptiles air sacs similar 
to those of birds are developed from 
the hind part of the lungs. The 
respiratory mechanism of turtles 
differs from that of other reptiles, 
for the ribs are fixed. The action 
of special abdominal muscles allows 
the lungs to expand. 

Birds have a higher body tempera- 
ture than that of any other animal. 
This allows the tissues to work at a 
high rate. They therefore require 
large quantities of oxygen, particu- 
larly for such an activity as flying. 
To satisfy the great demands of the 
tissues an elaborate system of air 
sacs is developed. The lungs are 
small but tubes from them lead to air 
sacs, some of which invade even the 
hollow cavities of bones. Every lung 
tube, even the finer branches, is open. 
They do not end in blind sacs as in 


mammals. Air can pass through the 
lungs into the air sacs at inspira- 
tion and out again at expiration. The 
lung capillaries are thus in contact 
with a continuous supply of oxygen. 
The walls of the air sacs are smooth 
and have a poor blood supply, so that 
little or no respiratory exchange takes 
place across them. The air sacs may 
be divided into two groups: one 
posterior (rear) set consisting of two 
pairs (see illustration) and an an- 
terior (front) set consisting of two 
pairs and a single sac. 

At rest the respiratory movements 
are produced by the rib muscles 
(intercostals) and the abdominal 
muscles. The former contract to move 
the ribs and breastbone and so en- 
large the body cavity. Air passes in 
through the lung to the posterior 
group of air sacs. The abdominal 
muscles act to reduce the size of 
the body cavity so that air passes 
from the posterior air sacs through 
the lungs into the anterior sacs. 
From there it may pass to the 
exterior. During flight the action of 
the large breast muscles (pectorals— 
see page 282) produces the air flow 
in and out of the lungs by lowering 
and raising the breastbone. The flight 
muscles generate large quantities of 
heat during flying, and since birds 
lack sweat glands it is probable 
that the air sacs are important regu- 
lators of the body temperature 
through cooling. 

The problems of respiration in 
mammals such as whales that dive to 
great depths will be discussed in an 
article on ‘Whale Biology’. 


| CHEMICAL REACTIONS | 


CATALYSTS 


HE methods for manufacturing 

several essential chemical sub- 
stances such as sulphuric acid and 
ammonia depend largely upon the 
action of catalysts, and it is difficult to 
imagine how the demand for vast 
quantities of such substances could 
be met by alternative processes. 

The action of catalysts is not com- 
pletely understood, but it appears 
that in many instances unstable inter- 
mediate compounds are formed be- 
tween the reactants and the catalyst. 
In this way the reactants are brought 
together in the form of the inter- 
mediate compounds much more easily 
than in their original state (e.g. in the 
Lead Chamber Process for the manu- 
facture of sulphuric acid). The for- 
mation of intermediate compounds is 
consistent with the physical changes 
(e.g. reduction in size of grains) some- 
times experienced by catalysts. 

On account of this a catalyst has 
been defined as a substance which 
alters the speed of a chemical reac- 
tion without itself undergoing any 
permanent chemical change. When 
catalysts are used in manufacturing 
processes they generally serve to 
speed up the reaction, but there are 
occasions when the decomposition of 
a substance is undesirable. Thus the 
decomposition of hydrogen peroxide 
into oxygen and water can be retarded 
by the addition of calcium chloride 
or alcohol. Such additives, which 
render a substance more stable, may 
be called negative catalysts, because 
the speed of the (decomposition) re- 
action has been reduced. Likewise 
the catalysts which increase the rate 
of a reaction are sometimes called 
positive catalysts. 

It has been stated that a catalyst 
can only alter the rate of a reaction 
which is already taking place, even if 
the reaction is very slow in the ab- 
sence of the catalyst. There are in- 
stances in which more than one pro- 
duct can be obtained from the same 
reactants, but by the choice of a 
suitable catalyst and the correct 
operating conditions, one reaction is 
favoured. Thus carbon monoxide and 


hydrogen react at 380°C. in the pre- 
sence of a nickel catalyst to yield 
methane and carbon dioxide: 


+ 2H, ——> Ch, + COs 
HYDROGEN METHANE CARBON 
DIOXIDE 


2CO 
CARBON 
MONOXIDE 
However, if the pressure of these same 
reactants is increased to 4,400 lb. per 
sq. in. (300 times that of the atmos- 
phere), the temperature reduced to 
300°C. and the catalyst changed to 
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are required to bring about the con- 
version of a large volume of the re- 
actants. There are, however, a num- 
ber of reactions in which the rate of 
reaction may be increased by using 
more catalyst. This applies particu- 
larly to the hydrolysis of esters (organic 
‘salts’) using an acid as a catalyst: 


CH,.COOCH, + H,O = 


METHYL WATER ACETIC 
ACETATE ACID 


CH;.COOH + CH,.OH 


METHYL 
ALCOHOL 


Nitric acid is manufactured by the oxidation of ammonia in the presence of a catalyst. 
This picture shows the control panel and the top of the converter which contains the platinum 
catalyst in the form of gauze pads. 


zinc oxide, the principal product is 
methyl alcohol: 


co 2H, CH,OH 
CARBON HYDROGEN METHYL 
MONOXIDE ALCOHOL 


The yield for this particular reaction 
can be improved if one part of 
chromic oxide (Cr,O;) is added to 
every nine parts of zinc oxide. Any sub- 
stance which, like the chromic oxide 
in this instance, increases the activity of 
the main catalyst is called a promoter. 

One of the great advantages of cata- 
lysts is that in many instances only 
very small quantities of the catalyst 


The physical form of the catalyst 
appears to be critical for different 
reactions. Thus in the Contact Process 
for manufacture of sulphuric acid, 
sulphur dioxide is oxidized to sulphur 
trioxide through the agency of finely 
divided platinum—usually consisting 
of very fine platinum particles dis- 
persed through a pad of asbestos 
fibres: 


280, Oy 280, 
SULPHUR OXYGEN SULPHUR 
DIOXIDE TRIOXIDE 
However, if a mixture of ammonia 


and atmospheric oxygen (as is used 
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In the laboratory oxygen is prepared by heating strongly a mixture of white potassium 
chlorate crystals and black manganese dioxide powder. The manganese dioxide acts as a 
catalyst—it can be recovered at the end of the experiment. 


TWO MOLECULES OF 
POTASSIUM CHLORATE 


TWO MOLECULES OF THREE MOLECULES 
POTASSIUM CHLORIDE OF OXYGEN 


Note that the manganese dioxide catalyst is not included in the equation. 


in the manufacture of nitric acid) is 
passed through such a pad, the oxi- 
dation process yields nitrogen instead 
of nitric oxide: 


30, 
OXYGEN 


It has been found that the ammonia 
may be oxidized to nitric oxide pro- 
vided that the pieces of platinum are 
kept fairly large. In the actual plant 
for manufacturing nitric acid, gauze 
pads woven from platinum wire are 
found to give a satisfactory yield of 
nitric oxide: 


4NH; — . 2N; + 6H:0 
AMMONIA NITROGEN WATER 


AMMONIA * OXYGEN nitnic * WATER 
OXIDE 

In order that reactions of the type 
mentioned above may take place, it 
is necessary for several molecules to 
collide at the same instant. When 
the reactants are in the gaseous 
state, the chance of such collisions 
occurring and the reaction taking 
place is quite small. (It does not 
follow that a reaction will take place 
every time the required molecules 
come together.) It has been sug- 
gested, therefore, that the function 
of a catalyst in such reactions is 
to adsorb reactant molecules onto 
its surface. In this way there is a 
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much greater chance of the neces- 
sary molecules colliding. Since a fine 
powder has a much greater surface 
area, as compared with the same 
mass of material in a single lump, 
catalysts are frequently used in the 
form of a powder or at least of woven 
wire gauze pads. 

In the Haber Process for the syn- 
thesis of ammonia from nitrogen and 
hydrogen, iron to which a promoter 
has been added is used as a catalyst. 
(Typical of the promoters is a 
mixture of sodium oxide or potas- 
sium oxide with silica or alumina.) 


The Contact Process 


But this reaction is reversible, i.e. 
at any particular temperature and 
pressure the final composition of the 
mixture (ammonia, nitrogen and 
hydrogen) may be obtained starting 
from ammonia, or from nitrogen and 
hydrogen. The only function of the 
catalyst in such a reaction is that the 
equilibrium condition is reached more 
rapidly. This is because the catalyst 
speeds up both reactions, namely the 
formation of ammonia: 
NITROGEN HYDROGEN AMMONIA 

and the decomposition of ammonia 
into its constituent elements: 


2NH, —> N, + 3H, 


by the same amount. 

When a small quantity of oxygen 
gas is required for use in the labora- 
tory, it is generally obtained by heat- 
ing potassium chlorate crystals in a 
hard glass test tube. The decomposi- 
tion reaction does not commence until 
the salt has been heated to 380°C., 
but in order that all the oxygen is set 
free, the melt must be heated to 
800°C. : 


2KCIO3 ——_ 2KCI 30 
POTASSIUM POTASSIUM OXYGEN 
CHLORATE CHLORIDE 


However, the temperature of this re- 
action may be considerably reduced 
by mixing manganese dioxide powder 
with the potassium chlorate. 
Although manganese dioxide does 
contain oxygen, it acts as a catalyst in 
this reaction. This may be demon- 
strated by weighing the manganese 
dioxide before mixing it with the 
potassium chlorate. When all the oxy- 
gen has been driven off and the tube 
allowed to cool, the manganese di- 


oxide may be recovered from the 
potassium chloride residue. Potassium 
chloride is soluble in water, so it can 
be washed away, leaving the insoluble 
manganese dioxide behind. The 
manganese dioxide is then dried and 
weighed. Although the weight should 
be unchanged, the grains of man- 
ganese dioxide are probably smaller 
than they were at the start. 

All the catalysts which have been 
discussed in detail in this article are 
solids and most of them are metals. 
But liquids and gases also act as cata- 
lysts. There are a number of reactions 
which do not proceed if the reactants 
are perfectly dry. Thus it seems that 
water acts as a catalyst in reactions 
such as that which occurs between 
ammonia and hydrogen chloride: 


NH, + HCl ne NH,CI 
AMMONIA HYDROGEN AMMONIUM 
CHLORIDE CHLORIDE 


In the Lead Chamber Process for the 
manufacture of sulphuric acid, a gas- 
eous catalyst—nitric oxide—is used. 
In addition to these inorganic sub- 
stances, there is a very important 
group of organic catalysts—enzymes. 
These complex compounds are pro- 
duced by living organisms and appear 
to be proteins. They differ from the 
inorganic catalysts in that they only 
help to speed up a very limited num- 
ber of reactions. There are many 
enzymes involved in digestive pro- 
cesses. Various enzymes produced in 
yeasts are responsible for bringing 
about the fermentation of sugars to 
give alcohol. Thus zymase is the 
catalyst for the fermentation of grape 
sugar into ethyl alcohol: 
CoH1206 nae 2C,H;OH {2 9605 
SRUCOSE) ETHYL ALCOHOL Taonne 


if 


These large converters contain the iron catalyst over which a mixture of nitrogen and 
hydrogen is passed in the Haber Process for the manufacture of ammonia. 


The Haber Process 
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4 CX) - 4 
fe _PLATE_ a j | WS? ee 
CATALYST ; 


N + 3H, & —> 2H 6 
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PALAEOGEOGRAPHY 


PALAEOZOIC NORTH AMERICA 


HEN the Palaeozoic Era of the 

Earth’s history dawned some 
500 million years ago the land masses 
were already many, many millions of 
years old, and already they had 
undergone vast changes. Great moun- 
tain ranges had been uplifted by 
earth movements and worn down by 
the tools of erosion, thick ice sheets 
had scraped their way across the face 
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Distinctive trilobites characteristic of 
Lower, Middle, and Upper Cambrian 
rocks in North America (left to right). 


of the land, and shallow seas had re- 
peatedly encroached upon the con- 
tinents. But the opening of the Palaeo- 
zoic Era is an important date in the 
history of the Earth, for it is in rocks 
formed at this time that the record of 
life clearly makes its appearance. 
From this date onwards, the unfolding 
history of the Earth can be followed 
step by step. 

During the Cambrian Period (the 
first division of the Palaeozoic Era) 
North America little resembled its 
modern appearance. Right from the 


start shallow seas began to encroach 
upon the land until one-third of the 
present-day continent was submerged. 
These shallow seas did not necessarily 
correspond to present-day lowlands, 
but rather to early geosynclines, long 
depressions in which the foundations 
of mountain ranges are laid. One 
corresponded to the present Cordil- 
leran region and another to the 
present Appalachian region, while a 
third gradually formed across Okla- 
homa and Texas. Enclosed by this 
continental ‘moat’ was the low, stable 
interior of the continent. Bordering 
it were marginal lands of unknown 
extent. This was the dominant pattern 
of North America through the Pal- 
aeozoic Era. 

Rocks of the Cambrian System, 
which are best exposed in the Cana- 
dian Rockies, have yielded fossils of a 
considerable variety of marine in- 
vertebrates. Most common are trilo- 
bites ranging from less than half an 
inch to eighteen inches in length. The 
Cambrian System shows two clear 
breaks, suggesting a retreat of the seas, 
and is therefore divided into three 
series, the Waucoban, Alberton and 
Croixian, each of which is charac- 
terized by distinctive trilobite fossils. 

Towards the end of the period the 
inland seas gradually retreated, form- 
ing a natural break in the geological 
record. But the succeeding period, 


the Ordovician, which opened some 
425 million years ago, brought an 
even greater submergence. The seas 
crept in over the low-lying continent 
until it was reduced to a mass of 
islands whose total area was only half 
that of the modern land mass. But in 
the main the seas were very shallow, 
and small changes in the land or sea 
level were sufficient to make the 
shorelines fluctuate considerably. 
Twice the continent appears to have 
emerged from the sea completely, and 
thus the Ordovician System, like the 
Cambrian System, can be divided in- 
to three series, the Canadian, Cham- 
plainian and Cincinnatian, each with 
its distinctive fauna. The classic display 
of these rocks appears in New York 
State. Most of the marble quarried in 
the U.S.A. is of Ordovician age, so is 
most of the slate. 

During the Ordovician Period the 
Taconian Disturbance created the 
first generation of Appalachians, a 
range of mountains stretching from 
Newfoundland to Alabama. But they 
no longer exist as mountains; the 
tools of erosion had completed their 
task of destruction by the middle of 
the following period. 

The Silurian Period, which began 
360 million years ago, brought 


another gradual submergence of the 
continent. The mountains which exis- 
ted early in the period were gradually 


A Pennsylvanian scene in the Pennsylvanian Period showing a large amphi- 


bian, a huge dragonfly and luxuriant vegetation. 


worn down and the deposition of fine 
muds and limestones in the shallow 
seas indicates generally low-lying 
land. At the same time, northern 
Appalachia was the site of active 
volcanoes which poured out lava and 
ash with an impressive total thick- 
ness of 10,000 feet. 

During late Silurian times North 
America emerged almost completely 
from the sea, a low-lying, almost 
featureless land mass. A great desert 
basin developed in eastern U.S.A. 
and the rapid evaporation of a shallow 
sea it contained resulted in the for- 
mation of salt and gypsum beds. 
Silurian salt beds reach a maximum 
total thickness of 1,600 feet in Michi- 
gan where they are deeply buried 
beneath the present surface. 

The Silurian System of rocks is 
divided into three series : the Medinan, 
Niagaran, and Cayugan. Typical 


rocks of the Middle Silurian are ex- 
posed with startling effect at Niagara 
Falls where a hard, resistant, sill-like 
mass of limestone, forming the lip of 


Silurian rocks are exposed with startling 
effect at Niagara Falls. 

the falls, overlies less resistant shales. 
Eroded by the undercutting action of 
the water, the weak shales leave the 
heavy limestone above jutting out, un- 
supported, until it crashes down into 
the gorge beneath. This is why the 
Niagara Falls have been ‘retreating’ 
at the rate of a few feet per year. 

The beginning of the Devonian 
Period some 325 million years ago 
marked another invasion by the sea. 
At first it crept inland along the 
Appalachian and Cordilleran troughs, 
but later these narrow straits were 
reinforced by water spreading south- 
wards across western Canada until 


‘ PROBABLE EX- 

: TENT OF SILURIAN 
} ROCKS HIDDEN BY 
; YOUNGER ROCKS. 


ee SILURIAN ROCKS 
AT SURFACE. 


possibly 40% of the continent was sub- 
merged. Corals thrived in the clear 
seas, and since the Silurian Period had 
left the land low-lying, extensive beds 
of pure limestone were laid down over 
the submerged areas. 

The Silurian Period had been a 
quiet one for North America, despite 
the fact that mountains were being 
built elsewhere in the world. But, 
around the middle of the Devonian 
Period, vigorous earth movements 
brought about renewed uplift in 
Appalachia. This was the beginning 
of the Acadian Disturbance which, 
before the close of the period, created 
the second generation of Appala- 
chians, stretching from Nova Scotia 
down to North Carolina. Soon streams 
began their task of levelling and car- 
ried immense amounts of sediment 
down to the neighbouring trough. A 
tribute to their work is the present-day 
sandstones of the Catskill Mts. Con- 
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A schematic cross-section of the southern Appalachians. 


siderable volcanic activity accom- 
panied the Acadian Disturbance. 

The Devonian System, which is di- 
vided into a lower, middle and upper 
series, is best exposed in the state of 
New York where it reaches the im- 
pressive total thickness of 15,000 feet, 

At the opening of the Mississippian 
Period (Lower Carboniferous) 280 
million years ago North America was 
fully emergent, but soon the sea in- 
vaded the land and the Mississippi 
Valley in particular remained sub- 
merged throughout the period. Hence, 
the Mississippian System is fairly 
complete in this region, where it con- 
sists mainly of uniform rich fossil- 
iferous limestone strata attaining a 
maximum total thickness of 2,500 feet. 

Towards the close of the Mississip- 
pian Period widespread earth move- 
ments disturbed North America and 
the land began to rise not only in 
Appalachia but also in Colorado. This 
was just a foretaste of disturbances 
which were to culminate in the Appa- 
lachian Revolution at the close of the 
era. 

During the Pennsylvanian Period 
(Upper Carboniferous), which opened 
255 million years ago, a broad basin 
slowly formed over the interior of 
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the U.S.A. Then a battle developed 
between the encroaching sea and 
river-borne sediment, derived from 
the mountains in Appalachia, as the 
land slowly sank. Sometimes the sea 
advanced eastwards, right to Pennsyl- 
vania at one point, while at other 
times deposition more than balanced 
subsidence and the shore line was 
pushed back to the Rocky Mountain 
states. The result was the development 
of vast swampy lowlands covered with 
lush vegetation. These Pennsylvanian 
forests are of great importance, for it 
was from their remains that North 
America’s great coal deposits were 
formed. 

Continued crustal unrest during 
this period resulted in the uplift of 
the Oklahoma Mountains, the vestiges 
of which can now be seen in the 
Wichita and Arbuckle Mountains. 
Uplift also occurred in Colorado, and 
resulted in the creation of a fairly 
low mountain range. Near the end of 
the period the Marathon Disturbance 
created a range of mountains across 
Texas. 

The Permian Period, which began 
230 million years ago, brought the 
Palaeozoic Era in North America to 
a violent and spectacular close. The 
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Appalachian geosyncline had existed 
to a greater or lesser degree ever 
since Pre-Cambrian times and by this 
time over forty thousand feet of rock 
strata had accumulated on its slowly 
subsiding floor. Then, during this 
period, Appalachia was pushed from 
the south-east against the geosyncline 
and the rocks it contained were 
squeezed as if in a giant vice. Buckled 
and fractured, they were forced into a 
mountain chain which rivalled the 
present Alps in height and extended 
down the eastern seaboard as far as 
Alabama. In some places the rocks of 
the geosyncline had been deformed by 
earlier disturbances but, in the main, 
the structure of the Appalachians 
dates from this mountain-building 
phase. 

Early in the period a large part 
of the mid-continent lowland was sub- 
merged, shallow seas reaching as far 
north as Nebraska and Ohio. But 
®gradually the outlet of the sea was cut 
off through the warping of the land 
and the deposition of sediment, leav- 
ing a vast inland sea which slowly 
dried up, owing to the very arid cli- 
mate. The last remnant of the sea was 
in the present state of Kansas where 
extensive salt beds were formed. Im- 
portant changes were also taking 
place in the West, where volcanoes 
were extremely active. 

E . The Permian System (including the 

‘ zs . . 

Dimetrodon, a flesh-eating, fin-backed Wolcampian, Leonardian, Guadalu- 
reptile, seizes a_ young Ophiacodon. The pian, and Ochoan Series) is extremely 
scene could well have been eastern U.S.A. well developed in western Texas where 
at the close of the Palaeozoic Era. it attains a thickness of 14,000 feet. 
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HEAT PHYSICS 


HEN _ substances are _ being 
heated on a large scale it is 
important to be able to calculate 
what effect the application of a cer- 
tain amount of heat will have on the 
temperature. Some substances grow 
hotter more quickly than others. For 
example, if 10 calories of heat are 
given to 1 gram of water, its tem- 
perature rises by 10°C., but if the same 
amount of heat is given to the same 
weight of copper then its temperature 
rises ten times as much—by 100°C., 
in fact. Copper heats up much more 
easily than water. Substances which 
heat up easily have low specific heats; 
those which heat up with difficulty 
have high ones. 
Specific heat is defined as the 
amount of heat (measured in calories) 
required to raise the temperature of 
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1 gram of the substance through 1°C. 
Specific heats vary with temperature 
and so values are usually quoted for cer- 
tain temperatures. Water has a specific 
heat of 1 cal/gm/°C. One calorie of 
heat will raise the temperature of 1 
gram of water through 1°C. 

Copper has a specific heat of about 
o-1 cal/gm/°C. One tenth of a calorie 
of heat will raise the temperature 
of 1 gram of copper through 1°C. 
One calorie of heat will raise its tem- 
perature through 10°C., but will only 
raise 2 grams through 5°C. 

There is an equation relating these 
factors. Calories of heat applied= 
mass of substance times its specific 
heat times its rise in temperature. This 
is sometimes abbreviated to become 
Q (quantity of heat)=mxsxt. This 
equation is used to calculate specific 


LATENT Beat 


OLIDS need heat to make them 

melt. Liquids need heat to turn 
them into vapours. The heat involved 
in such changes of state is known as 
latent heat. If the heat is used for 
melting then it is called /atent heat 
of fusion. On the other hand, if it is 
used to turn a liquid into a vapour 
it is called latent heat of vaporiza- 
tion. A few exceptional elements and 
compounds sublime on heating. (They 
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change from being solids to being 
gases without being liquids on the 
way.) The heat needed to bring about 
this change from solid to vapour is 
known as the latent heat of sublima- 
tion. 

Heat energy is measured in calories. 
The amount of substance undergoing 
the change is taken as being 1 gram. 
Latent heat can be defined as the 
amount of heat (in calories) required 
to change the state of I gram 
of substance. Its units are calories/ 
gram. 

When heat is being given to a solid 
that is below its melting point, be 
it ice or paraffin wax, the heat goes 
to raise its temperature, which con- 
tinues rising until the melting point 
is reached. Then the temperature 
stops rising as the heat is absorbed by 
the solid and used to change it into a 
liquid. No more heat goes to raising 
the temperature, which remains the 
same until the last of the solid has 
changed into liquid. Latent heat is 
being absorbed during this time. 


heats from the results of experiments. 

The ‘method of mixtures’ is a con- 
venient method of finding rough 
values of specific heats of liquids and 
solids experimentally. A container or 
vessel called a calorimeter, made of a 
metal whose specific heat is known, is 
weighed. It is partly filled with water 
and then weighed again. Subtraction 


Further application of heat now raises 
the temperature. The same is true 
when a liquid is being boiled away so 
that it vaporises. During the change 
of state the temperature remains the 
same. It is only when all the liquid 
has been changed to vapour that the 
temperature can rise. 

The converse is true on cooling 
down. A cooling vapour gradually 
loses heat and as it does so its tem- 
perature falls. When it starts to turn 
to a liquid the temperature does 
not alter because this time the heat 
being lost is the latent heat of vapor- 
ization which is given out as the 
vapour turns into a liquid. When it is 
all liquid, the latent heat is all given 
out and subsequent heat losses cause 
a fall in temperature. Much worse 
burns can result from steam than 
from boiling water. This is because 
steam gives up its latent heat of 
vaporization as it condenses to form 
boiling water on the skin. 

For similar reasons the temperature 
remains at a constant value while 
liquids are solidifying. Just before 
the first particles of solid freeze out, 
the temperature may drop slightly 


of the first reading from the second gives the weight of 
the water in the vessel. The vessel is well lagged with 
felt to prevent any heat from escaping from it during 
the experiment. Some of the metal whose specific heat 
is to be found is weighed and heated. Two temper- 
atures, that of the hot metal and that of the water, 
are taken. Then the hot metal is dropped carefully into 
the water so that there is no splashing. The water is stirred 
to make certain it is all at the same temperature. The 
hot metal becomes cooler, giving some of its heat to the 
water and the calorimeter, which become hotter. There 
is little heat loss to the outside because of the lagging. 
The water, metal and calorimeter soon arrive at the same 
temperature. This temperature is noted. 

The heat lost by the metal is equal to that gained by 
the water and the calorimeter. From the weights, tem- 
perature rises and specific heats the heat gained by the 
water and the calorimeter is calculated. The result is 
equal to Q, the amount of heat lost by the metal. The 
specific heat (s) of the metal is calculated from the equa- 
tion Q=mxsxXt where m is the weight of the metal and 
¢ its fall in temperature. 

There are other, more complicated, methods of finding 
specific heats. All of them involve the calculation of heat 
being lost to other substances. 


Experiment to find 

the Specific Heat of Aluminium 
Heat gained by water 
=mass of water xspecific 
heat of water x temperature 
rise= 100 x | x 5= 500 ca- 
lories. 


COPPER CALORIMETER 200 GRAMS 


Heat gained by calori- 
meter 


=mass of calorimeter x spe- 
cific heat of copper x temper- 
aturerise=200 x 0-1 x5=100 
°c. calories. 
. Total heat gained by 
calorimeter and water 


300 GRAMS =500+ 100600 calories 


_ Heat lost by aluminium 
=mass of aluminium xspe- 
cific heat of aluminium x tem- 
perature drop 

=50 x specific heat x 60 

= 3000 x specific heat 
Heat lost by aluminium 


ALUMINIUM 50 GRAMS F 
WATER BATH =total heat gained by 


calorimeter and water 

= 3000 x specific heat of 
aluminium—600 
Specific heat of aluminium 


600 5 
=3000 =" -2. cal/gm/°C. 


ALUMINIUM 


Experiment to find the 
Latent Heat of Ice 


COPPER 
CALORIMETER 


Heat lost by water 
=mass of water xspecific heat of 


water Xdrop in temperature= 
50 x | x 40=2000 calories. 


Heat lost by calorimeter 

=mass of calorimeter x specific 
heat of copper x drop in tempera- 
ture=100 x 0-1 x 40400 calories. 


Heat gained by ice 

= heat used in melting the ice+ heat 
used in raising its temperature— 
mass of ice xlatent heat of ice+ 
mass of water formed from ice x 
specific heat of water x tempera- 
ture rise= 

20x latent heat ice+20x I x40= 


CALORIMETER 
or 20 x latent heat ice+800 calories. 


TAINING 


Heat gained by ice—heat lost 
by water-heat lost by calori- 
meter 

=20xlatent heat of ice+800=— 
2000-+-400. 

20 x latent heat of ice= 
2400—800= 1600 calories 


lari latent heat of ice= 10 


=80 cals/gm. 


MELTED ICE 170—150=20 gm. 


below the freezing point, but once the freezing has begun, 
the temperature levels out and does not drop until the 
solidification is complete. 

The method of mixtures can be used to find the numeri- 
cal values of latent heats, i.e. the number of calories of 
heat needed to change the state of 1 gram of the sub- 
stance. Suppose that some ice is melted by hot water in a 
lagged copper calorimeter. The water and the calorimeter 
give up some of their heat to melt the ice and to raise 
its temperature. The amount of heat gained by the ice 
is equal to the amount lost by the calorimeter and the 
hot water in it. The heat absorbed by the melting of the 
ice is calculated, and hence the heat used to melt 1 
gram can be found. The latent heat of ice is about 80 
cals/gm. 

The method of mixtures can also be used for vapours 
such as steam. Here steam is bubbled into a calorimeter 
of cold water and raises its temperature. The latent heat 
of steam is about 540 cals/gm. 
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THE PISTON MOVES AIR FROM BAG TO BAG AS ag Me FILLS IT BECOMES HARDER 
TO FILL D AS THE OTHER BAG EMPTIES 
IT BECOMES HARDER TO EMPTY. TH 
PISTON IS FORCED TO STOP 


E OTHER BAG BECOMES FULL OF AIR. 
THe PISTON STOPS AND IS PUSHED BACK 
AGAIN. IF THERE ISNO FRICTION THE 
MOVEMENT CONTINUES INDEFINITELY 


STATIC ELECTRICITY 


HE capacitor circuits on pages 534 

and 554 can instead be thought of 
as tubes (the connecting wires) with 
a rubber bag tied on at each end (the 
plates of the capacitor). The electric 
current can be represented by a flow 
of air from one bag to the other 
through the pipe. The force needed 
to push the air from bag to bag (in 
the circuit the force provided by the 
battery, or alternating current supply) 
is given by a piston. As the piston 
moves from side to side it pushes the 
air in the tube to-and-fro, to form an 
alternating current of air. 

The bags store air, as the capacitor 
plates store electrons. A full bag is 
equivalent to a capacitor plate full 
to capacity of electrons. The fuller 
the bag, the more difficult it is to push 
more air into it, while the emptier 
the bag gets, the more it resists 
further emptying. As the piston is 
moved to the extreme right or left of 
the tube, it is forced to stop by the 
high pressure in the negative bag 
pushing it back, and the near vacuum 
in the other bag sucking it back. 

This resistance which the capacitor 
plates give to the addition of more 
electrons is not the usual kind of 
electrical resistance, where electrons 
have to batter their way through the 
material, losing energy each time they 
bump into another particle. In a 
resistance the energy needed to force 
electrons through is converted into 
heat, and usually wasted. But capa- 
citors store energy given them by the 
battery or alternating current supply. 
If the current is switched to the op- 
posite direction, electrons will rush to 
the other plate and transfer energy 
from one plate to another, without losing 
it. The resistance which they offer to 


—  DYNAMO 
(Alternating Current) 


In a circuit containing just resistance, as the voltage across the 


resistance increases, so does the current. 
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the flow of current is called reactance. 

It is easiest to move the piston 
when the pressure in the two bags is 
about equal. But when there is a 
difference in pressure between the two 
bags, less air can move. When the 
pressure difference is at a maximum, 
the movement of air is at a mini- 
mum (i.e. none at all). The pressure 
difference between the two bags is 
equivalent to the difference in elec- 
tric pressure, or voltage, between the 
two capacitor plates. This is greatest 
when there is least current charging 
the capacitor. 

The reactance of a capacitor de- 
pends on two things—its capacitance, 
which is a measure of the amount of 
charge it is capable of storing, and 
the speed with which the direction 
of the current varies—in other words 
the frequency of an alternating current. 
How does the reactance vary with 
capacitance and frequency? Take, for 
example, a large capacitor. This has 
a large surface area, and the distance 
between the plates is small. Electrons 
can flow more easily onto the plates 
because the repulsive forces prevent- 
ing them from getting there will be 
smaller (these increase the closer the 
electrons are huddled together). Once 
electrons are on the plate they are 
held in place by the strong electric 
field of attraction from the positive 
plate. So the larger the capacitor, 
the smaller its reactance. A larger 
bag will be easier to fill (with the 
same amount of air) than a smaller 
bag. 

The quicker the direction of the 
alternating to-and-fro current chan- 
ges, the easier it is for electrons to 
flow, because a large stockpile of 
electrons is not given chance to 
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VOLTAGE RISES, CURRENT 
RISES 


accumulate and repel further elec- 
trons. In the tube and bags the direc- 
tion changes so quickly that the piston 
oscillates about the centre of the 
tube, only a short distance away from 
it, in the region where the air is 
easiest to move. Thus, as the fre- 
quency of an alternating current in- 
creases, the reactance of a capacitor 
decreases. 


VOLTAGE 
TIME 
VOLTAGE RISES, 


CURRENT FALLS 


CURRENT 


Ina circuit containing capacitance, as the voltage across the capaci- 


tor increases, the current decreases. 
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The Superhet Radio Receiver 


N the early days of radio when 

there were few transmitters the 
carrier frequencies used for the dif- 
ferent programmes could be made 
very different from one another. 
Hence, even when the simple radio 
receiver was used, the programmes 
could be separated from one another 
by the set and good-quality reception 
obtained. However, as time went on, 
more and more programmes were 
transmitted. This meant that more 
carrier frequencies had to be fitted 
into the same possible range of trans- 
mitting frequencies. 

It then became necessary to use 
more selective methods to separate out 
the required carrier frequency from 
all the unwanted ones. It was found 
that a simple tuned circuit (capacitor 
and coil) becomes more selective as 
the frequency of the carrier wave is 
decreased. For this reason it is pos- 
sible to make the receiver more 
sensitive by reducing the frequency of 
the carrier signals after they have 
entered the set. The carrier fre- 
quency, once it has been lowered, is 
known as the intermediate frequency, 
and a set which uses this method for 
gaining increased selectivity is known 
as a superhet radio receiver. 

In order to convert the simple 
radio receiver into a superhet re- 
ceiver it is necessary to add stages 
which will lower the carrier fre- 
quencies. This may be done by pass- 
ing the carrier frequency through a 
mixer into which a ‘local oscillator’ 
is also passing a constant frequency. 
Hence the new block diagram for the 
superhet receiver is seen to be the 
same as for the simple radio receiver 
except for the mixer (which also has 
an oscillator connected to it) and an 
amplifier all placed between the 
radio frequency amplifier and the 
detector. 

The ‘local oscillator’ part of the 
receiver is simply one of the oscil- 
latory circuits described on page 490. 

It is not always necessary to make 
each stage of a set completely sepa- 
rate with a different valve for each 
stage. Usually one valve can be made 


The Heterodyne Principle 
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If two keys close together on a piano 
are struck simultaneously the sound pro- 
duced rises and falls to give a throbbing 
effect. The same effect is often heard 
with a twin-engined aircraft when the 
engines are running at slightly different 
speeds. The reason for this throbbing 
(or ‘beating’ as it is called) is that sound 
travels through the air as a series 
of ‘pushes’ and ‘pulls’. If the ‘pulls’ 
of one note coincide with the ‘pulls’ of 
another note the two notes reinforce 
each other and a loud sound is heard. 
But if the ‘pulls’ of the first note co- 
incide with the ‘pushes’ of the second 
the two notes tend to cancel each other 
and only a faint sound is heard. When 
the notes are of different frequencies 
‘pulls’ of the first cannot coincide with 
every ‘pull’ of the second, since they are 
bound to occur at different intervals. 
However, the ‘pulls’ and ‘pushes’ of the 
note with the higher frequency do catch 
up with the less frequent ‘pulls’ and 
‘pushes’ of the other note from time to 
time, and when they coincide exactly an 
increase in loudness results—hence the 


throbbing effect. The number of throbs 
or beats which occur in one second 


to do two jobs, which means that the 
set can be made more cheaply and 
also be made smaller. In most com- 
mercially built superhets the local 
oscillator valve and the mixer valve 
are contained in the same envelope. 
The composite valve is then known as 
a ‘frequency changer’. But here, for 


clarity, each stage has been laid out. 


as a separate unit. 

The mixer is simply a pentode 
valve with the radio signal fed (after 
tuning) to its first grid, and the 
local oscillations fed to its third out- 
put grid. The signals taken from 
the anode include the intermediate 
Srequency. The local oscillations and 
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THREE WAVES PER SECOND 


ONE ONE 
ECOND — SECOND 
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is equal to the difference between the fre- 
quencies of the two notes (see diagram). 

Just as two sounds will interfere with 
each other to produce beat notes, so 
two alternating voltages (which can be 
thought of as a series of ‘pulls’ and 
‘pushes’) mixed together will produce 
a similar effect. The resulting voltage 
alternates with a frequency equal to 
the difference between the frequencies 
of the two original voltages. Thus if 
a voltage alternating at 500 cycles 
per second is mixed with a voltage 
alternating at 1500 cycles per second 
the resulting voltage will rise and fall 
1000 times per second. This is the 
principle of ‘heterodyning’. If the re- 
sulting frequency is outside the audible 
range the principle is called ‘supersonic 
heterodyning’ and a radio receiver em- 
ploying the principle is called a super- 
het for short. A radio signal can be 
used in place of either of the alternat- 
ing voltages. The voltage which results 
from the mixing will have a lower 
frequency than the radio signal but it 
will still carry the same information that 
had been superimposed on the original 
radio signal. 


the original radio signal will also 
appear at the anode, but since the 
intermediate frequency is always 
lower than either of these it is easily 
separated from them (and from the 
changed frequencies of all the other 
signals which were picked up by the 
aerial) by a capacitor-and-coil cir- 
cuit. This circuit is really part of a 
transformer which couples the mixer 
stage to the intermediate frequency 
amplifier stage. It is tuned to one 
definite frequency—usually 465 kc/s 
(465,000 cycles per second). This may 
seem strange since the receiver must 
be able to pick up a wide range of 
carrier waves. The explanation is 
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The model on the page opposite is an actual superhet receiver. 
It has been lad out to correspond as far as possible with the 
circuit diagram shown above. For clarity the power supply com- 
ponents have been omitted. The line shown in green is part of 
an automatic volume control system which has not yet been 


described. 


that the main tuning capacitor is 
‘ganged’ with the variable capacitor 
in the local oscillator circuit and 
the two move together. Suppose the 
incoming carrier wave has a fre- 
quency of 600 kc/s. In this case the 
local oscillations have a frequency of 
1065 kc/s and the intermediate fre- 
quency will be (1065—600) = 465 kc/s. 
If now the receiver is retuned to 
accept a carrier wave of 800 kc/s, the 
setting of the tuning capacitor has to 
be altered. This adjustment not only 
affects the tuning capacitor, it auto- 
matically adjusts the local oscillator 
until its output frequency is 1265 
kc/s. The intermediate frequency will 
be (1265—800)=465 kc/s, i.e. the 
same as it was before. 

Both the primary and the secondary 
windings of the coupling transformer 
are tuned to the intermediate (465 
kc/s) frequency to make doubly sure 
that all the unwanted frequencies 
are removed. The oscillation is then 
passed into an amplifier, called the 
intermediate frequency amplifier, to 
make sure that the oscillations are 
large enough to work the diode de- 
tector. The intermediate frequency 


R.F.=RADIO FREQUENCY 


1.F.=INTERMEDIATE FREQUENCY 


A.F.=AUDIO FREQUENCY 


Note that the two intermediate frequency transformers (I.F.T.1 
and I.F.T.2) are contained in aluminium screening cans which 
conceal the capacitors fixed across each primary and each secondary. 
Since these capacitors are fixed, the transformers are tuned to 465 
kc/s by screwing an tron dust-core in and out of the coils, thus 


altering the inductance of the coils. 


amplifier is exactly the same as the 
radio frequency amplifier described 
on page 339 since, of course, the 
intermediate frequency is a radio 
frequency but a rather lower one. 
The superhet arrangement is par- 
ticularly good since, although the 
quality of the sound which it produces 
is very much better than that of the 
simple radio receiver, the controls are 
no more difficult to set than in the 
former case. To vary the frequency of 
the carrier which is allowed through 
the set, it is the frequency of the 
oscillator and not of the tuned cir- 
cuits (other than the first) which is 
changed in the superhet arrangement. 
This can be done by varying the posi- 
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tions of the plates of the capacitor in 
the tuned part of the local oscillator. 
The mixer has the effect of changing 
the audio frequency modulation from 
the carrier frequency to the inter- 
mediate frequency which alone can 
pass through the tuned selector cir- 
cuits. Since the intermediate fre- 
quency is kept constant, in order to 
select another programme it is only 
necessary to vary the oscillator fre- 
quency until the difference between it 
and the new required carrier fre- 
quency is again the intermediate fre- 
quency. Hence only one frequency 
control is necessary. The volume 
control is the same as that used for 
the simple radio receiver. 
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A ‘single’ dry plate friction clutch. Normally the three plates are pressed tightly together. 
When the clutch pedal is depressed they move a fraction of an inch apart. 


CLUTCHES 


CLUTCH is a kind of mechani- 

cal switch. It is fitted between 
the driving shaft and the driven shaft 
in any machine where the engine 
continues to rotate whether the actual 
machinery is operating or not. The 
simplest form of clutch is the dog- 
clutch, in which the shaft connected 
to the engine and the ends of the shaft 
connected to the wheels dovetail into 
each other. It can connect only when 
the two shafts are moving at the same 
speed. 

This is, however, no use for the 
main clutch in, say, a motor car 
which is powered by an internal com- 
bustion engine. The sequence of events 
producing the power in the engine, the 
suction, compression and ignition of a 
fuel-air mixture, relies on the continuous 
movement of pistons and crankshaft. 
The engine will not run below a 
certain speed. When a car is started, 
engine and wheels must be discon- 
nected. The crankshaft rotates, while 
the shaft connected (through the gear- 
box) to the wheels is stationary. The 
two shafts will not fit into one another, 
because they are moving at different 
speeds, and if the wheels are con- 
nected directly the sudden accelera- 
tion will propel the car forward in 
leaps and bounds. So the clutch in a 
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car must connect the driving power to 
the wheels gradually until both shafts 
rotate at the same speed. 

Most modern motor cars have the 
type of clutch known as the single 
dry plate friction clutch, although in 
fact three plates (flywheel, friction 
plate and pressure plate) are involved 
in the transmission of power. The 
‘single’ plate carries two flat, ring- 
shaped linings of an asbestos material, 
similar to brake linings, one on each 
side. It is sandwiched between the 
flywheel (which is of course firmly 
bolted to the crankshaft) on one side 
and a pressure plate on the other side. 
The whole is enclosed by a sort of 
soup plate, the clutch cover. Between 
the pressure plate and the clutch 
cover are strong springs which push 
the plate vigorously towards the fly- 
wheel, providing the pressure which 
normally squashes the three plates 
together. A system of levers connects 
the pressure plate, through the clutch 
thrust ring, to the foot-operated clutch 
pedal. These levers act against the 
springs, and by pressing down or 
letting back the clutch pedal the 
pressure on the plates can be relieved 
or applied gradually. 

When the engine is disconnected 
the plates lie only a fraction of an 


inch apart. As the pressure is applied 


LEVERS. wuicy by the springs, when the clutch pedal 


is allowed to rise, and the plates are 
brought into contact, friction between 
the flywheel and one clutch lining 
grips the middle friction plate, and 
rotates it. Then friction between the 
clutch lining and the pressure plate 
causes the shaft connected to the 
wheels to rotate. When the pressure 
is small the plates will slip against 
each other, but as the pressure is 
increased gradually and the car starts 
moving there will be less slipping 
until all plates are tightly pressed 
together and rotate at the same speed. 

The clutch acts like a two-sided 
brake. When starting from rest, or 
when changing-up gear, the friction 
plate tends to brake the engine as it 
takes up the drive. When decelerating 
the car, and changing-down gear, the 
wheel shaft may be rotating faster 
than the crankshaft and the clutch 
has a braking action on the pressure 
plate. 

Friction converts some of the mech- 
anical energy into heat, which must 
be radiated or conducted away from 
the two outer plates. Generally speak- 
ing, the larger the clutch, the more 
power it can transmit without over- 


DOG CLUTCH 


The two shafts fit into each other, and can 
be connected only when both are moving at 
the same speed. 


heating. If the clutch does overheat, 
the linings may burn or even act as a 
lubricant, making the transmission of 
power incomplete. Another possible 
unwanted lubricant is engine oil 
which may find its way to the clutch. 

Although the most common appli- 
cation of clutches is in motor vehicles, 
they are used extensively in many 
kinds of machinery, such as excava- 
tors, cranes, winches and machine 
tools. 


